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WOODRING CONFERENCE ON MAJOR BIOLOGIC INNOVATIONS AND 
THE GEOLOGIC RECORD 


By P. E. Cioup, Jr., anp P. H. ABELSON 


DEPARTMENT OF GEOLOGY, UNIVERSITY OF MINNESOTA, AND GEOPHYSICAL LABORATORY, CARNEGIE 
INSTITUTION OF WASHINGTON 


Communicated September 29, 1961 


The problem of correlating biochemical and phenotypical evolution was raised 
by W. P. Woodring®! at the spring meeting of the Academy in 1951. This led to 
the organization of a highly productive conference on biochemistry, paleoecology, 
and evolution, held at Shelter Island in June, 1953. Early in 1961 several of the 
participants in that conference decided that it was time for a new multi-disciplinary 
consideration of major biological innovations in the context of the geologic record, 
and with emphasis on the nature, manifestations, and timing of events leading to the 
first Metazoa. P.H. Abelson, W. H. Bradley, P. . Cloud, Jr., Sterling Hendricks, 
K. E. Lohman, and W. W. Rubey constituted an organizing committee whose 
activities were sponsored by the National Academy of Sciences and the Carnegie 
Institution of Washington, with funds from the National Science Foundation. 
The conference was named in recognition of its ancestry and in appreciation of 
Woodring’s outstanding contributions to science. 

The Woodring Conference was held at Big Meadows Lodge, Skyline Drive, 
Virginia, June 14-16, 1961. It was attended by twenty-three biochemists, biolo- 
gists, biophysicists, geologists, paleontologists, and geochemists: P. H. Abelson, 
C. B. Anfinsen, Elso Barghoorn, David Bonner, W. H. Bradley, M. N. Bramlette, 
Melvin Calvin, P. E. Cloud, Jr., Marcel Florkin, 8. W. Fox, R. M. Garrels, 8. B. 
Hendricks, T. C. Hoering, H. D. Holland, M. K. Hubbert, H. L. James, K. E. 
Lohman, H. A. Lowenstam, N. W. Pirie, D. L. Ray, Roger Stanier, J. R. Vallentyne, 
and W. P. Woodring. 

The Paleontologic Record.—The conference began with a review by Cloud of some 
of the major problems and their current status. What were the great pre-metazoan 
events? What kind of a fossil record have they left? What might have been the 
geochemical consequences of events for which we have as yet no record and how 
might these consequences be identified in the rocks? How did each step reflect and 
precondition those that preceded and followed it? Given autotrophic life to start 
with, the advent of photosynthesis stands as the crucial biologic innovation. Com- 
plexly patterned and laminated limestone structures whose relationship to radio- 
genically dated intrusives is interpreted as indicating an age greater than 2.7 billion 
years’®:4!, 4, 68 elosely resemble structures of known algal origin, are associated 
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with sediments that denote deposition in shallow well-aerated water, and evidently 
carried on metabolic activities that were capable of bringing about precipitation of 
CaCO; (presumably by CO: assimilation). It remains to be unequivocally demon- 
strated that photosynthesis was already operative at this early time, but im- 
portant elements of the mechanism were evidently there. As to the origin of the 
Metazoa, Cloud reported that critical review of reported Precambrian occurrences 
in all instances had raised doubt either as to their metazoan nature or their Pre- 
cambrian age—save possibly for the Porifera. The most likely record, the diversi- 
fied Ediacaran fauna of South Australia,!®: ** is at its oldest very late Precambrian”? 
and may well be Early Cambrian.** Interpreted at face value, available evidence 
suggests first appearance of the Metazoa essentially coincidental with the transition 
from Precambrian to Cambrian about 0.6 billion years ago; then rapid diversifica- 
tion to fill a range of previously unoccupied ecologic niches.'? Discussion focussed 
on the validity of the evidence and the adequacy of the record. 

Micropaleontological studies currently in progress on Precambrian coal and 
chert from northern Michigan were described by Barghoorn.**: *° These rocks are 
correlated with others having a radiogenically estimated age of metamorphism of 
about 1.7 billion years”? and, therefore, are presumed to be more than 1.7 billion 
years old. Myriads of morphologically distinctive, minute, brown-translucent to 
black, ovoid and actiniform bodies and meshwork filaments are found in stromato- 
litie portions of the chert (known as the Gunflint chert). Photomicrographs of these 
were exhibited and discussed, but their taxonomic position was not agreed upon. 
A biological organization, however, is supported by geochemical evidence. Re- 
duced carbon and pyrite are associated with these structures. The carbon was 
found by Hoering to possess a 6C' of about —32 per mil relative to Solenhofen 
limestone, an isotopic composition common in living matter. 

The prospect of preserving even minute biologic details in suitable geologically 
ancient sediments was illustrated by Bradley by means of a Spirogyra filament con- 
taining a chloroplast which he recently discovered in the 60-million-year-old middle 
Kocene Green River shale of Wyoming. 

Vallentyne discussed the possible significance in the geologic record of pyrite 
39 


(I’eS.) spherules**: ** which, in some instances, may replace microorganisms. *?: 
He concluded that their biologic affinities were in doubt. Reference was also made 
to recent Russian and French work on minute sporelike bodies as well as on pre- 


sumably algal stromatolites from the Precambrian of Russia, Scandinavia, France, 
and West Africa.?: 22 90 36. 37, 45, 52, 6, 57 
Stratigraphy and Geochemistry.— Evidence relating to the composition of the early 


atmosphere was summarized by James and Holland. James emphasized the 
similarity of even the oldest Precambrian sedimentary deposits to younger rocks 
and sediments and discussed the characteristics and oxidation states of “iron forma- 
tion’ rocks (see also Eskola,'* Geijer,'’ James,**: #4 Maecgregor*). Holland ad- 
vanced detailed arguments for a three-stage evolution of the atmosphere based on 
equilibrium relations and the composition of voleanic gases. He also reasoned from 
the evidence of unoxidized and supposedly detrital uraninite in metasediments hav- 
ing radiogenic ages as young as 1.8 billion years that reducing conditions of his 
second stage prevailed at least until then.?* 77; . 5 

Hubbert reported analyses by his colleagues of hydrocarbons obtained from F. 
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M. Swain® and extracted from Minnesota rocks having radiogenic ages greater 
than 1.7 billion years. One of these samples was found to contain normal paraffins 
with a definite excess of odd over even numbers of carbon atoms per molecule in the 
Cy, to Co range, implying derivation from living matter.6 He recognized the 
possibility of migration from younger sedimentary rocks, although the hydrocar- 
bons actually considered appear to be indigenous. 

The significance of mineral equilibria for the Precambrian record was reviewed 
by Garrels and Holland. They pointed out that the common oxide minerals 
hematite, for example—can be formed in equilibrium at partial pressures of oxygen 
far below that of the modern atmosphere. The use of minerals as environmental 
indicators for the Precambrian, however, is handicapped by the fact that one can 
rarely be sure that minerals from rocks this old are primary. 

Lowenstam reviewed the significance of isotope ratios for paleoecology and 
evolution (see also Ault and Kulp,® Craig'*) and Lohman and Bramlette discussed 


the possible biologic significance of siliceous organic sediments. It is not under- 


stood why diatoms, whose opaline tests are abundant and diversified in many late 
Mesozoic and younger sediments, seem to disappear abruptly downward in the 
geologic sequence; whereas radiolarian tests of apparently identical composition 
extend downward throughout the Paleozoic and doubtfully into the Precambrian. 
The possible biologic significance of Precambrian bedded cherts remains a problem. 

Organic Synthesis and Biologic Innovation.—The significance of studies on the 
laboratory synthesis of organie molecules was discussed by Abelson, Calvin, 
Hendricks, and Fox (see also Abelson,! Calvin,”: 5 Fox,'? Goldsehmidt,?! Grundland,”* 
Haldane,” Miller and Urey,** and Pirie*: *°). Abelson reviewed the synthesis of 
amino acids from inorganic substances as revealed in a number of different mixtures 
exposed to electric discharge or ultraviolet radiation. Two- and three-carbon 
amino acids greatly predominate as products. Experiments involving reasonable 
starting materials have produced no detectable arginine, histidine, isoleucine, 
leucine, or valine. Moreover, simple carbohydrates and amino acids react chemically 
and hence could not simultaneously be present in the widely assumed ‘thick soup.” 
Many of the components of living matter such as fats and porphyrins would be in- 
soluble in an aqueous environment. Thus both laboratory and environmental con- 
siderations suggest that first life may have been built from a few components which, 
once combined, held the capacity for biochemical innovation and synthesis. 

Calvin also favored the idea of starting with something simple and building up, 
but Hendricks presented the case for complexity. Hendricks also suggested that 
too much emphasis might have been placed on the need for an ozone screen to re- 
duce the destructive effects of ultraviolet radiation as early synthesis progressed. 
Aromatic compounds and ozone have similar spectral limitations, and polymerized 
HCN by itself will screen out ultraviolet radiation. 

Attempts to duplicate nonvital synthesis of proteins were described by Fox. He 
finds that proteinoids made simply by heating dry amino acids have catalytic ae- 
tivity for hydrolysis of p-nitrophenylacetate, and that a high rate of inactivation 
obtains under hot, aqueous conditions. Aqueous polyamino acid preparations show 
a tendency to separate from water systems at 70-100°C in regular shapes and sizes 
that resemble unicellular and filamentous forms. Other experiments suggest a 
prevital origin of biochemical pathways in the same continuum of processes, 
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Techniques for the electron micrographic examination of proteins and their ap- 


plication to fossils as old as Eocene were described by Florkin. He also discussed 


the physiological (and ‘“preadaptive’”’) radiation of biochemical systems; for in- 
stance, the use of free amino acids in osmoregulation of euryhaline marine inverte- 
brates. Florkin® believes (comment on draft of this note) that “adaptation to 
fresh water and the terrestrial environment results from a physiological radiation 
of the mechanism bringing in modifications of the intracellular amino acid pool, as 
well as, in a second stage, from a physiological radiation of the biochemical system 


ce 


of membrane permeability.”” He recognizes (dem) “in organic evolution, (1) 
chemical evolution (before the appearance of the first protobionts); (2) biochemical 
evolution, leading to the complex array of biochemical catalysts and systems found 
in present-day cells; (3) physiological and morphological radiation of these systems, 
leading to the variety of organisms adapted to the various niches. In certain cases, 
aspects of biochemical evolution with the production of new biochemical systems 
also takes place in this third phase.”’ 

Anfinsen, speaking of biochemical innovation, emphasized that although the 
amino acid sequences in proteins contain all the information needed to make the 
variety of observed forms, the disulfide bridge is the principal bond that holds them 
together. Accordingly, the appearance of this stabilizing bridge was a major bio- 
chemical innovation. Unfortunately, as Hoering pointed out, and in contrast to the 
effects of bacterial sulfate reduction, the introduction of sulfur into amino acids 
does not seem to be accompanied by isotopic fractionation. Thus there is little 
chance that the onset of the disulfide bridge might be detectable in the geologic 
record. Abelson referred to the evolution of insulin and collagen as important 
biochemical innovations. The structure of these compounds varies so little from 
one vertebrate to another as to suggest that each originated once only and subse- 
quently evolved by minor variation (see also Anfinsen*). This reinforces a mono- 
phyletie origin for the vertebrates. 

Catalytic Mechanisms.—The phenomenon of chromosomal heterogeneity with 
respect to gene activity and the correlation of enzyme site clusterings with muta- 
tionally active areas of a gene was elaborated by Bonner. Perhaps, he suggested, 
life could have originated through the linkage of a relatively small number of amino 
acids having a sufficient catalytic effect for biological activity, and much of the 
amino acid sequence of contemporary proteins may be for structural and muta- 
tional stability. Pirie, Calvin, and Anfinsen all rejected the concept of one to one 
correspondence between site clustering and particular active site sequences in the 
product enzyme. However, it is a fact that when genes are transferred from one 
bacterium to another, and where they are integrated, they have similar effects. 
Stanier suggests that such site clustering within a gene might be protective against 
lethal mutation. 

The significance of photosynthesis as a main event of organic evolution was de- 
veloped by Stanier. Assuming that initially the world and then first life arose in 
an environment lacking free oxygen (e.g., Hutchinson,*! Miller and Urey‘**), evolu- 
tion would be limited to the simplest microorganisms until such time as appreciable 
free oxygen appeared in the atmosphere. Even allowing for photolytic dissociation 
of H,O and COs, the build-up of free oxygen is primarily dependent on green-plant 
photosynthesis in contrast to bacterial photosynthesis from which no oxygen is 
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evolved. Photosynthesis in essence is simply a metabolic unit process consisting 
of energy conversion followed by biosynthesis and activated by electron transfer 
between chlorophyll and cytochrome.‘ 7: ' ** The minimal requirements are 
a mechanism for getting energy out of chemical bonds and an electron transport 
system to convert adenosine diphosphate to adenosine triphosphate, which can re- 
lease its so-stored electrical energy as required. The first autotrophs probably ob- 
tained their ATP through fermentation. The first photosynthesizer was probably 
an anaerobe something like a sulfate-reducing bacterium. Use of light as an excit- 
ing mechanism was the crucial innovation leading to green-plant photosynthesis. 
Calvin®: '! suggested the early use of iron and simple iron compounds in aqueous 
solution as energy-transfer mechanisms in preliving and primitive biologic entities, 
the electron-transferring properties of ferrous iron perhaps catalyzing the evolution 
of the pyrophosphate molecule and ATP. 

Hendricks pointed out that the exact biologic functions and ways of salt transfer 
are not yet understood. Paleobiochemical evidence, however, cannot contribute 
to subtle questions such as these. Given the chemical evolution of a tetrapyrrole, 
for instance, it is easily converted to chlorophyll or heme for use in a biologic 
system; but these pigments are readily broken down, and in the geologic record 
porphyrin breakdown derivatives are more likely to survive than are the original 
porphyrins. There is thus little chance of working out details in the evolution of 
porphyrins from their preserved record (see also Jones and Vallentyne,® Vallen- 
tyne®). 

The complicated nature and dynamic stability of metazoan organization was 
emphasized by Ray, using the acrasian slime-molds to exemplify the property of 
cellular cohesion and division of labor without true multicellularity involving pre- 
cise sexual reproducibility and permanently specialized adult tissues. Cell cohesion, 
nevertheless, was (and is) an indispensable preliminary to multicellularity.” 

Undeveloped Biogeochemical Possibilities —Discussion turned intermittently 
toward new or untested means of identifying ancient biologic events geochemically. 
Bradley suggested that the first appearance of living matter might be detected by 


an upward divergence of the ratio of phosphorus to noncarbonate carbon in the 


early Precambrian record, a ratio that should have been nearly constant before life 
arose. Hendricks observed that phosphate of biosedimentary origin should be beta 
calcium metaphosphate in contrast to the primary orthophosphates of direct and 
derived igneous origin. Sulfur compounds, according to Pirie, will probably be found 
equally indicative of living or nonliving sources when studied more intensively. He 
suggested that the dependence of many modern organisms on uncommon elements, 
such as iodine, is possible only because so little is needed that few environments 
are deficient. This may well be a late consequence of selection, and more elements 
may have been used by early organisms.‘ 4° Evidence bearing on this conjecture 
might come from a search for peculiarities in the small-scale pattern of distribution 
of elements such as Ti, V, Cr, Mn, Fe, Co, Ni, and Cu. 

How to resolve the hotly debated problem of when free oxygen began to accumu- 
late in the Precambrian atmosphere elicited much interest but few new ideas. One, 
suggested by James (with Hoering’s dissent), is the possibility that the onset of 
photosynthetic oxygen might be denoted by a change in the oxygen isotope ratios 
of SiO.—a mineral compound that is both very sensitive to the environment and 
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abundant throughout the Precambrian as a possibly primary chemical sediment. 
Abelson urged caution in using chemical thermodynamics to infer Precambrian 
conditions. As a result of the enormous flux of solar radiation, conditions at the 
surface of the earth might never have attained true equilibrium (in contrast to a 
steady state). For instance, the recombination of CO: dissociated under the in- 


fluence of ultraviolet light would be extremely slow at 25°C. 

All conferees agreed that more refined and more conclusive criteria than those now 
in use are needed to unravel the secrets of Precambrian evolution and paleoecology. 
If plans for cooperative work made as a result of this conference do in fact material- 


ize, the prospect of discovering such criteria will be good. 
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EVOLUTION OF GASEOUS NEBULAE 
F. D. KaHn* ann T. K. MENON 
NATIONAL RADIO ASTRONOMY OBSERVATORY, GREEN BANK, WEST VIRGINIA T 
Communicated by O. Struve, September 25, 1961 


The study of the density distribution of ionized hydrogen in the vicinity of early- 
type clusters of different ages can provide important information regarding the 
evolution of gaseous nebulae. We do not at present have any detailed knowledge 
about the early stages in the formation of a cluster. It seems reasonable to assume 
that the gaseous remnant of the original interstellar cloud will, after the formation 
of a cluster, have a distribution with a maximum at the center. However, in the 
presence of early-type stars capable of ionizing this gas, the distribution will be 
gradually altered as a consequence of the ionization and pressure discontinuities 
which they set up. Recent theoretical and observational work" ? provides us with 
some insight into the evolution of gaseous nebulae. 

We have detailed information about the distribution of density of ionized hydro- 
gen in the case of the Orion Nebula and the Rosette Nebula (Fig. 1). These values 
were derived from high resolution studies of their radiation at wavelengths of 3.75 
em and 10 em, respectively. It should be pointed out that these distributions, 
though approximately corrected for finite resolving power, can have sharper fea- 
tures than those shown in the figure. 

The Orion Nebula has an r.m.s. density of about 2500 electrons/cm* at the center 
and about 10 electrons/cm’ at the boundary. This distribution is in striking con- 
trast to that found in the Rosette Nebula, which has a low central density and a 
maximum of 20 electrons/cm? at a distance of about 0.35 R;, where R; is the radius 


of the ionization boundary. It has been shown elsewhere? that the observed 


boundary in the case of the Orion Nebula is most likely a density boundary, whereas 
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in the case of the Rosette Nebula it is an ionization boundary. The total mass of 
ionized matter is about 100 M. for the Orion Nebula and about 11,000 Mj for the 
Rosette Nebula. 

Now Goldsworthy! has found some possible solutions for the motion in expanding 
H II regions. He has considered, inter alia, spherically symmetrical model nebulae 
in which the interstellar gas is initially cool and nonionized and has a pronounced 
density peak at the center. At time ¢ = 0 an early-type star begins to shine, and to 
ionize and heat the surrounding gas. There results an unbalanced pressure gradi- 
ent, and the gas begins to move. 

The motion in general has discontinuities at the ionization front, which bounds 
the H II region, and at a shock front. If the ionization takes place slowly, the 
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Fic. 1.—Density Distribution in the Orion and Rosette Nebulae. n, in electrons/em.* 


shock moves ahead of the ionization front into the neutral gas beyond; the density 
within the H II region is then almost uniform. If the ionization takes place rapidly, 
the ionization front precedes the shock. In this case the density distribution be- 
tween the shock and the ionization front is not much changed from that which 


prevailed previous to the ionization. However, a partial vacuum appears behind 


the shock, and so a pronounced density minimum occurs at the center of the H II 
region. The brightness of the star and the density of the surrounding gas deter- 
mine the speed of the ionization front, and thereby the ratio of the radius of the 
shock to that of the ionization front; the ratio becomes very small when the ioniza- 
tion occurs very rapidly. One would therefore judge from the curves in Figure 1 
that the process of ionization is fairly fast in the Rosette Nebula; in the Orion 
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Nebula it is extremely fast so that the shock and the partially evacuated region have 
a very small radius, and cannot be resolved. 

Figure 2 illustrates the nature of the flow and is adapted from Goldsworthy’s 
Figure 9. 


Fic. 2.—Possible Flow Patterns. 
The meaning of these curves is ex- 
plained in the text. 





ueut/e 





The equations governing the flow are, following Goldsworthy, 


du : 
Dy = uU(l — U)? — 9/2(2U — 1)n 
dn 


Dyn dw 
and — —- = 8/ay? — 1/eu(1 — U), 
Ww dn 


where D, = 1 — UW)? — 7’. 


Here 


pr3!2, 
= distance from star, 
time since beginning of the ionization process, 
gas density, 
gas velocity, assumed radial, 
isothermal speed of sound in ionized hydrogen. 


It should be explained that the O*+ ions in the H II region keep the ionized gas 


very nearly isothermal even when it is in motion. We adopt a temperature of 


104 °K for it. The curves of Figure 2 show some possible relations between U and 
n. For a case of very rapid ionization the appropriate solution curve begins at 
I;, where » = 0 and consequently r = ©. The ionization front is then infinitely 
distant from the star. We follow the curve to S; and there make a transition onto 
the curve S;C, which we follow to the center of the H II region, at C. If the 
process of ionization is less rapid, we begin with the ionization front at Jo, say, 
which corresponds to a nonzero value of 7, and therefore a finite radius R; for the 
front. We follow the solution curve to S2:, whence an isothermal shock takes us to 
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S,’, on S;C, and then we again follow that curve to C. If n, and 7; are the 7- 
coordinates of the shock and ionization fronts, then the radii of these are in the ratio 
R,:R; = ni:ns. Some typical values are given in the table below. 

ns 0.5 0.47 0.28 0.25 

R,/R; 1.0 0.60 0.33 0 


The curves of Figure 1 suggest that R,/R; takes the values 0 and 0.35 for the 
Orion and Rosette Nebulae, respectively; the corresponding values of n, are 0.25 
and 0.28. We shall now compute roughly how the density varies in the region 
bounded by the shock. To do so we rewrite equations (1) and (2) in the form 


dD, = ( ) ole = 1UL), 
dn\n 


d 


D, —(log wn*/?) = 
dn 


so that, on division, 


. L—tt £U 
d(log wn*/?) = a( ) (6) 
n n 


This is to be integrated along 8;C; on this curve U varies from */,; to !/s, and the 
product U(1 — U) from */;, to '/;. For the purpose of this estimate we set U(1 — 
UW) equal to 7/32, and find 


‘ 
| 


3/2 = eonst + 


log an 


64n? 


In physical variables 


I ( < ) | ( 7r? ) 8) 
« exp = exp : (8 
, (a,t)?/? | 647? (a,t)*/? 64470? 


There is thus a marked density minimum at the center of the H II region. The 
density increase in the outward direction comes to a halt when the shock is reached, 
at » = ,, and formula (8) ceases to apply. On passing outward through the shock, 
one encounters a decrease in density by a factor (1 — U,’)/(1 — U,), where U,' 
and U, are the values taken by U on the inner and outer sides of the shock. Ac- 
cording to our estimation the shock transition in the Rosette Nebula is approxi- 
mately represented by S. — S,’, in Figure 2. The corresponding ratio (1 — U,’)/ 
(1 - U,) is about 5/6, and is probably too small to be observed. In the Orion 
Nebula the density change becomes very small since the shock transition is very 
weak, being represented in Figure 2 by the single point S3. 

We can therefore speak of the density at the shock front, without specifying the 
side of the shock, and we find that it is larger than the density at the center of the 
nebula by a factor exp (*/esn,2)._ With our estimates for 7, this equals 4.06 and 5.75, 
respectively, for the Rosette and Orion Nebulae. The prediction for the Rosette 
Nebula agrees quite well with observation, but no density drop is observed in the 
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Orion Nebula. Presumably the shock front has so small a radius there that the 
inner section of the H IL region cannot be resolved. With a limit of resolution of 
3 minutes of are and an estimated distance of 500 pe between us and Orion, this 
means that the radius of the shock must be less than 0.5 pe, so that 


Ry = adn, <Ope— 1:5. 410 em. 


Since n, = '/, and a, == 1.4 X 10° cm/s, it follows that the age ¢ of the ionized re- 
gion must be less than 3 X 10! s, or 10,000 years. In the Rosette Nebula R, 
2.45 pe; the corresponding age ¢ is about 50,000 years. 

The age of the Trapezium Cluster in the Orion Nebula has, for comparison, been 
variously estimated to be 10,000 years and up to 300,000 years by Parenago* 
and by Strand. The cluster NGC 2244 immersed in the Rosette Nebula has not 
been studied in sufficient detail to provide us with a reliable estimate of its age. 
The present investigation seems to indicate that dense H II regions tend to be ex- 
tremely young objects. 


One of us (F. D. K.) thanks the Director of the National Radio Astronomy Ob- 
servatory for a Research Associateship during the period when this work was done. 

* On leave from the University of Manchester. 

+ Operated by Associated Universities, Inc., under contract with the National Science Founda- 
tion. 
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AN EVALUATION OF STUDIES ON ULTRASTRUCTURE OF SIEVE 
PLATES 


By KATHERINE Esau AND VERNON I, CHEADLE 
DEPARTMENT OF BOTANY, UNIVERSITY OF CALIFORNIA, DAVIS 


Read before the Academy, October 31, 1961 


Botanists interested in the translocation of organic solutes in plants are con- 
stantly seeking support for their concepts of this phenomenon in the structure of 
the presumed principal conduit in the phloem tissue, the sieve element. Electron 
microscopy offers a means of extending this search. 

Among the various features of the sieve element, the strands connecting the 
superimposed sieve elements with one another through the sieve plates and the 
limiting layer between the cytoplasm and the vacuole (that is, the tonoplast) 
are receiving especial attention because the nature of these structures might be 


casually related to the ability of phloem tissue to conduct the solutes at the observed 
high velocities. Absence of the tonoplast and some peculiar structure of the con- 
necting strands—for example, a structure permitting an intervacuolar connection 

would enable one to think of the translocation in terms of mass flow; lack of such 
specializations would suggest support for the concept of molecular movement. 
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Fias. 1, 2.—Longitudinal sections of sieve plates from petioles severed from plant and 
killed in potassium permanganate. Fig. 1 18,500; Fig. 2 24,700. 


> 


Electron microscopy is now being used to determine the fine structure of the cyto- 
plasmic membranes of sieve elements and of the connecting strands in the sieve 
plates. 
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The present paper considers the published descriptions of the ultrastructure 
of the sieve plates with reference to our own studies on the sieve elements of Cu- 
curbita. A paper to follow deals with the tonoplast. 

Material and Methods.—Cucurbita maxima Duchesne (winter squash) grown in a 
greenhouse provided the material for study. Several fixation and embedding 
methods were used. The sections that served for the electron micrographs in this 
paper were obtained from material treated as follows: Figures 1 and 2 from 2-inch- 
long petiole cut and evacuated under tap water and fixed for 5 minutes in 4 per cent 
K MnO, solution in water; Figure 3 from a 4-inch-long petiole cut and evacuated 
under tap water and fixed for 18 hours in a solution of '/2 gram osmium tetroxide 
in 25 ce of 4 per cent K.Cr.O; at pH 7.0; Figure 4 from an internode at base of 
plant sectioned in a 0.25 M sucrose solution and fixed for 5 minutes in 2.5 per cent 
K MnO, dissolved in a 0.3 M NaCl solution; Figures 5, 6, 9, and 10 from 4-inch- 
long petiole fixed for 10 minutes zn stu on the plant by injection of a 4 per cent 
KMnQO, solution in water into its central cavity. All material was treated simi- 
larly after fixation: dissected in a 30 per cent ethyl alcohol, dehydrated in a graded 
series of alcohols at 1—2-hour intervals, and embedded in methacrylate which was 


prepolymerized under an incandescent lamp after addition of 1 per cent a,a-azodi- 


isobutyronitrile. All fixations were carried out at room temperature. 

The interpretations of the constituents of the connecting strands in the illustra- 
tions are tentative. 

Critique of Literature and New Observations.—The studies on the ultrastructure 
of sieve plates published thus far agree that the connecting strands in the highly 
differentiated sieve areas of the sieve plates are continuous from cell to cell but that 
they consist of electron dense material giving no certain indication of vacuolar 
continuity (comparable view in Fig. 1). Papers from Leeds, England,!: ? show 
sieve plates of Cucurbita, Sorbus, and Vitis with dense connecting strands more or 
less continuous with the deeply stained material located on one or both surfaces of 
the sieve plate. The authors concerned regard the dense staining of the strands 
as particularly significant; because of this feature the strands may not be ordinary 
cytoplasmic bridges and, thus, strictly speaking, not plasmodesmata. The stain- 
ability of the strands with osmic acid is taken as an indication of presence of un- 
saturated fats. The Leeds authors correlate this indication of fats with the reports 
in the literature that the ectoplast (plasma membrane) may contain lipids and that 
plasmodesmata are extensions of the ectoplast; they suggest that the connecting 
strands are interpretable as products of fusion of numbers of such extensions of the 
ectoplast (that is, of plasmodesmata) in which the lipoidal substances are responsible 
for the dense staining. 

Schumacher and Kollmann? illustrate dense connecting strands in Passiflora and 
stress their continuity with the parietal cytoplasm (actually they refer to the densely 
stained material covering the sieve plate; ef. Figs. 1, 2, in this paper). In Koll- 
mann’s* further study of Passiflora, some especially thin longitudinal sections made 
possible the resolution of the connecting strands into fibrils 100-150 A in thickness, 
each apparently constituting a double membrane or a tubule. These fibrillar 
elements were seemingly connected with similar elements stretching from the 
sieve plate on into the lumen of the cell. Ziegler® observed fibrillar elements in the 
cell lumen and on the sieve plate in Heracleum but could not identify them with 
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Fics. 3, 4.—Longitudinal sections of sieve plates with slime plugs. Both from 
material severed from plant before fixation. 

Fig. 3, osmium tetroxide and potassium dichromate; Fig. 4, potassium perman- 
ganate with the addition of NaCl 

Fig. 3 X 21,000; Fig. 4 16,675. 
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certainty in the connecting strands. Hohl® depicted similar material in a sieve 
element of Datura and called it lamellar cytoplasm. 
Several of the authors mentioned above!~‘ developed the thought that the dense 


ys 


Fic. 5.—Longitudinal section of part of sieve element showing sieve plate 
occluded by a slime plug in which component slime bodies are discernible. From 
petiole killed by injection of potassium permanganate into the central cavity. 
«x 9,000. 


structure of the connecting strands precludes the possibility of mass flow through 
the sieve plates. Kollmann‘ added that the occurrence of fibrillar elements pos- 
sibly indicates a special differentiation of cytoplasmic surfaces that might play a 





Vor. 47, 1961 BOTANY: ESAU AND CHEADLE 1721 


role in the transport of molecules in the sense of absorption and movement along 
interfaces. Hohl® also suggested a molecular movement along the interfaces of the 
lamellar material seen in Datura. 

Ziegler, on the other hand, compared the fibrillar elements with the endoplasmic 
reticulum and suggested that if the lamellae of this reticulm are continuous through 
the pores of the sieve plate, the connecting strands would have a submicroscopic 
pore system providing the microcapillary system required for a mass flow in the 
sense of Crafts.7. In addition, Ziegler suggested that finer capillaries between 
adjacent lamellae are perhaps considerably reduced in the tightly packed con- 
necting strands so that the free movement of long molecules like those of sucrose is 
impeded in these capillaries and a molecular acceleration by interfacial flow may 
occur. 

The suggestion that the connecting strands might consist of complexes of mem- 
branes connected with similar membranes in the lumen of the cell is so far the most 
arresting concept that has been presented in articles on the ultrastructure of sieve 
elements. It parallels the idea that the endoplasmic reticulum is continuous 
through the plasmodesmata.’ One must bear in mind, however, that to obtain 
images with the electron microscope the material must be killed and dehydrated, 
that is, considerably denatured. The pertinent question is, therefore, to what 
extent does the structure seen with the electron microscope resemble that present in 
the living cell within the intact plant. 

The sensitivity of the mature sieve elements even to minor disturbances that 
may not. affect ordinary nucleate cells in the same tissue has been sufficiently 


emphasized in the literature. The studies reviewed above, except that of Hohl,* 


were based on material prepared so as to minimize effects of such sensitivity: before 
fixation the material was either treated with a sugar solution to reduce the damaging 
effect of the sudden release of turgor in the cut tissue or, in one study,® the phloem 
strand was killed by freeze-drying while it was still attached to the plant. The 
resulting illustrations show no conspicuous slime plugs, that is, unilateral aceumu- 
lations of slime on the sieve plates (ef. Figs. 3-5), which are considered to be a 
reliable sign of injury to the sieve element. 

The idea that the slime-plug formation is a response to injury is generally accepted, 
but the absence of a plug cannot be taken necessarily as evidence that the cell 
has not been denatured to any degree. Therefore, the tendency of the cell to 
respond to injury by a displacement of slime must be taken into consideration when 
the nature of the connecting strands is discussed. It bears repetition that the slime, 
though still not fully investigated chemically, is a real component of the sieve-ele- 
ment protoplast in the dicotyledons. It originates in young cells, becomes aggre- 
gated into one or more discrete bodies—these are readily seen in living, still nucleate 
cells (Fig. 7), in material processed through paraffin (Fig. 8), and in electron 
micrographs (Fig. 6)—and then later disaggregates. Thus in mature, living, not 
obviously injured sieve elements the slime is usually not discernible (except during 
dormancy as in Vitis)."° In fixed mature sieve elements it is best known in its 
reaggregated form, the slime plug (Fig. 3), and investigators tend to disregard the 
occurrence of slime when no such plug is in evidence.4 

If one seeks to determine the nature of the connecting. strands, he must first 
find answers to two basic questions regarding slime: first, where is the disaggre- 
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Fics. 6-8.—Longitudinal sections of immature sieve elements with slime bodies and 
of adjacent phloem cells as seen in an electron micrograph (Fig. 6), in living state (Fig. 
7), and in material sectioned in paraffin and stained with Heidenhain’s hematoxylin 
(Fig. 8). The fusion of slime bodies (Fig. 8) precedes their dispersal in the vacuole. 
The nucleus (Fig. 8) is partly disintegrated. Fig. 6 x 4,240; Fig. 7 < 2,200; Fig. 8 
x 650. 
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gated slime located in an uninjured cell; second, in fixed sections, is the dense 
material, visible on the sieve plate and within its pores, free of slime when no con- 
spicuous slime plug is present. 

The slime bodies of young cells are definitely restricted to the parietal layer of 
cytoplasm (Fig. 6); the more or less disaggregated slime comes to occupy the 
central part of the lumen of the cell (transitional stage—bodies fusing—to the 
left in Fig. 8) while the cytoplasm is reduced to an exceedingly thin layer lining the 
wall (Figs. 9, 10). It is highly probable that the slime becomes a component. of 
the vacuole in the mature sieve element. When a slime plug is formed, the dis- 
aggregated slime of the vacuole reaggregates on the sieve plates. In this form it 
may or may not be distinguishable from the parietal cytoplasm enclosing the slime 
plug (Figs. 3, 4). Although the slime plug usually results from reaggregation of 
the dispersed slime, it may be formed before the disaggregation of slime bodies is 
completed. Then the slime plug consists of a mass of partly fused slime bodies 
(Fig. 5). In certain Leguminosae the slime body does not disperse and forms the 
slime plug as a unit. 

The second question has less visual evidence for an answer than has the first. 
As was mentioned, slime bodies and massively reaggregated slime may be dis- 
tinguished from the cytoplasm (Figs. 4-6), and the slime plug may have extensions 
within the pores (Figs. 3-5). Would one still distinguish between the slime and 
cytoplasm if only small amounts of slime were to accumulate on the plate (Figs. 
1,2)? If the slime were a component of the vacuole and the mature sieve element 
had a tonoplast, then perhaps one could delimit the slime from the cytoplasm. 
The presence of a normal tonoplast in mature sieve elements, however, has not been 
demonstrated unequivocally by light microscopy, and published electron micro- 
graphs!— ° suggest a gradual fading out of the material on the sieve plate into the 
central vacuolar space (comparable to Figs. 1, 2 in this paper). 

The pretreatment with sugar solutions, which reduces the frequency and in- 
tensity of slime-plug formation, proved most helpful for demonstrating the plas- 
molyzability of the sieve-element protoplasts in a variety of species." This result 
does, indeed, indicate that the pretreatment reduces injury to the sieve element. 
Nevertheless it does not assure that the sieve plate is in no way affected by the 
manipulations. Rouschal,'! for example, suggested that the plasmolyzability of 
the sieve elements can be demonstrated only if the pores are plugged by coagulated 


protein and each sieve element behaves as an independent cell rather than as a 


member of a series of elements (sieve tube) connected by permeable sieve plates. 
We do not yet know how precisely to determine the role of slime and its relation to 
the cytoplasm and how to explain its various manifestations. 

The techniques for electron microscopy have not progressed to the stage that 
tissues of the higher plant can be examined for their ultrastructure in living state. 
The only possible course at present is to gather extensive information on a variety 
of materials treated in a variety of ways. The illustrations in this paper give 
examples of some of the striking variations in the ultrastructure of the sieve plates 
of Cucurbita that may be obtained with different treatments. In fact, even ma- 
terial subjected to one treatment may show profound differences in different cells. 

Figure 3, obtained from material killed with a combination of osmium tetroxide 
and dichromate, shows a typical slime plug with extensions into the pores of the 
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ites from petioles killed by injection of 
potassium permanganate into the central cavity. Fig. 9 & 28,500; Fig. 10 « 24,700. 
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Fics. 9, 10.—-Longitudinal sections of sieve pl: 


sieve plate. In the lower cell, the slime merges with the vacuolar material. A 
thin parietal layer that appears to be the cytoplasm is evident on the lower side of 
the sieve plate and along the wall to the right in the lower cell. Figures 1, 2, and 4, 
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from material killed in potassium permanganate (the piece to be killed was severed 
from the plant before the treatment), show variations in the amount and density 
of accumulations, probably of slime, on the sieve plate. In Figure 1, the materia! 
in the pores and on the sieve plate permits no distinction of a parietal layer of 
cytoplasm, but Figure 2 does suggest a distinction between parietal cytoplasm and 
the bulk of the accumulation. In Figure 4 the slime plug has a fibrillar appearance 
and is somewhat contracted, so that a space is left between it and the parietal layer 
of cytoplasm. 

The clearest difference between the parietal cytoplasm and the material filling 
the pores in the sieve plates was found in the material killed by the injection method 
with KMnO, (Figs. 9, 10). The cytoplasm was resolvable into a thin, almost 
continuous layer next to the wall (here interpreted as ectoplast) and a discontinuous 
layer of bodies and fragments that appeared to be the remnants of the various 
organelles and membranes usually recognized in meristematic cells,’ and also 
present in companion cells and immature sieve elements (lig. 6). This discon- 
tinuous layer showed no boundary, that is, tonoplast, toward the vacuole. The 
parietal cytoplasm was continuous from cell to cell through the pore; in other 
words, the pores were lined with cytoplasm. The interior of the pores, however, 
was filled with material that was slightly denser than the material in the vacuoles 
but completely continuous with it. Some of the sieve plates from the injected 
petioles showed slime plugs in which the distinction between the cytoplasm and 
the vacuolar material was obscure at the sieve plate (e.g., Fig. 5). 

In contrast to the sieve plates, the lateral sieve areas, in which the connecting 
strands are considerably thinner than in the sieve plates, showed apparently solid 
dense strands, hardly suggesting any vacuolar continuity. 

If an attempt were made to relate the structure of the sieve plate to its function, 
one could select Figures 9 and 10 to suggest a complete vacuolar continuity between 


superposed sieve elements; a mass flow of solutes could be readily visualized 


through such sieve plates. A view like that in Figure 1, on the other hand, does 
not suggest a continuity of vacuoles; rather, it agrees with the published reports 
that the connecting strands are solid structures. We need to know which of the 
different views reflects the conditions in the intact plant. 

The closest approximation to the fibrillar or lamellar structure of the material 
on the sieve plate, as depicted by Kollmann,‘ Ziegler,> and Hohl,® appears in 
Figure 4. This material is here interpreted as slime. Buvat’s® Figure 8 also shows 
that the fibrillar material is part of the slime plug. In fact, Kollmann‘ reported 
that the slime reaggregations which he saw in poorly fixed sieve elements of Passi- 
flora also consisted of fibrillar elements, but he used this observation in concluding 
that the slime reaggregations were artifacts of cytoplasmic origin. Hohl,*® however, 
specifically stated that the lamellar material was not slime. Obviously, the recog- 
nition of the true nature of the fibrillar or lamellar material in the sieve elements 
must await more diversified studies, including the developmental aspects of the 
sieve-element protoplast. 

Concluston.—The connecting strands of the sieve plates of Cucurbita have a 
variable appearance under the electron microscope. Some views suggest inter- 
vacuolar connection between sieve elements through strands that appear to have 
an outer layer of cytoplasm and an inner core of vacuolar material; others show 
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solid connecting strands. These variations may be traced, in part, to methods of 
preparation of the material. The papers published thus far show only solid con- 
necting strands or those resolvable into a system of fibrillar elements. Before the 
attempt is made to relate the ultrastructure of the sieve plate to the movement of 
solutes in the phloem one needs to know which view illustrates most accurately the 
condition in the intact plant. The composition of connecting strands in sieve 
plates cannot be fully determined until the relation between slime and cytoplasm 


in mature sieve elements is understood. 
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IN SITU DETECTION AND ESTIMATION OF CHLOROPHYLL AND 
OTHER PIGMENTS IN THE OCEAN* 
By Joun E. TyLer 
VISIBILITY LABORATORY, SCRIPPS INSTITUTION OF OCEANOGRAPHY, LA JOLLA, 
CALIFORNIA 


Communicated by Roger Revelle, September 25, 1961 


The scattering centers in ocean water and in other natural scattering-absorbing 
media give rise to space light in the medium. This space light contains quantitative 
information about the absorption spectra of the components of the medium. By 
appropriate spectral measurements this information can be obtained in a form 
which may be useful for estimating the standing crop of phytoplankton in the 
ocean as a function of location or time, for in situ identification of plankton com- 
munities, for comparing and classifying waters with respect to clarity and produc- 
tivity, for measuring the absorption spectra of living marine organisms in their 
natural environment, and for studying various other aspects of optically extensive 
scattering-absorbing media. 

Theory.—In a source-free homogeneous scattering-absorbing medium, the 
change in field radiance, N,, as a function of position, r, at some point along any 
path of sight, is given by the equation of transfer for radiance. ! 


dN, 


dr 


—aN, + Nx 
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The constant @ in this equation is the total attenuation coefficient commonly 
determined from transmittance measurements by means of equation (2), 


Lae (2) 


and is equal to the sum of the absorption coefficient and the scattering coefficient. 


Nx is the radiance per unit length at the point r on the path, generated by scattered 
light. Nx is called the path function and is defined by Preisendorfer' as follows: 


N,* 


Nx <= 1 


N ,* being the recorded radiance for a path of length 7. All quantities in equations 
(1)—(3), of course, express the conditions along a particular path. 

In environmental optics a situation is commonly found for which N, is sub- 
stantially a constant over distances that are long compared to the path that con- 
tributes significantly to the value of N, at the point of measurement. In ocean 
water, for example, N, is substantially constant for great distances along any 
specified horizontal direction if the lighting on the surface of the water is uniform 
and the water is homogeneous. A similar situation can be found in lakes, in the 
atmosphere, and in large bodies of ice. For these situations 


dN, - 
dr 


= () 


and equation (1) can be written 
Nx 
r 


All three quantities in equation (4) will vary with the concentration of scattering 
particles and with the concentration of absorbing material. For constant con- 
ditions of scattering and absorption the quantities also will vary with wavelength. 

Measurements of space light, in accordance with equation (4), can be used to- 
gether with appropriate calibration curves as a basis for in situ spectroscopy of 
natural scattering-absorbing media. 

In order to conform strictly with the assumptions employed in obtaining equation 
(4), measurements of N, and Nx must be made in a horizontal direction under 
lighting conditions which are uniform over relatively large areas of the surface of 
the hydrosol. Such conditions are commonly provided by natural sun and sky 
light. Since natural light is variable with respect to both time and wavelength, 
and especially because of the presence of Fraunhofer lines, it is essential to use a 
measuring technique which makes both measurements, (NV, and Nx), with an 
identical bandwidth and in a short time. This is no real hardship since many 
flicker techniques have been developed which record a ratio such as that required 
by equation (4). 

Experimental.—Before proceeding to measurements at sea, it was considered 
important to ascertain the sensitivity of the method, called ‘spacelight spectros- 
copy,” in the laboratory; that is, to determine the capability of the method to 
describe the absorption spectra of a dilute scattering-absorbing medium. To 
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accomplish this in the limited volume of water available in even a large tank, it 
was necessary to proceed in a somewhat different fashion. The experimental work, 
described below, demonstrates the essential capability of the method, but does not 
demonstrate its capability to determine the absolute values of all the quantities 
in equation (4). 

The seattering-absorbing medium (hydrosol) was contained outdoors in a 1300- 
gallon open-top tank with a window installed in the side so that observations could 
be made horizontally through the hydrosol about 2.5 feet below the water surface. 
A minus-green dye, having a maximum absorption coefficient at 550 mu of 3.098 
per cm at a concentration of 0.237 & 10-4 gms/ec. was added in varying amounts 
to a full tank of filtered tap water containing a fixed amount of scattering agent. 





4 


Fia. 1.—The ratio of the spacelight radiance from the dyed solution to the spacelight radiance 
from the original water-base scattering medium without dye is shown as a function of wavelength 
for the region of the major absorption bands of the dye. To compensate partially for variation 
in natural lighting, the curves have been normalized at 630 mu and are consequently not quantita- 
tively arranged. 


The ratio of the space light generated by the sample to that generated by the hydro- 
sol without dye was determined. The spectral distribution of the space light in a 
horizontal direction generated under sun and sky light was recorded by means of a 
small prism spectrograph. The maximum path length through the hydrosol was 7 
feet and at the smaller concentrations the far wall of the tank was not entirely 


hidden at all wavelengths by the space light. Since the wall of the tank was painted 
gloss black, it had the effect of returning to the spectrograph too little light in the 
region of high transmittance of the dye, and it thus reduced the sensitivity of the 
experiment to some extent. 


Figure 1 shows a series of curves obtained from spacelight measurements using 
the hydrosol without dye as a standard. Because of small differences in exposure 
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for the different concentrations, the curves are normalized at 630 mu. The band- 
width for these measurements was set at 10 my in the green region of the spec- 
trum but varied elsewhere in accordance with the dispersion of the prism. Table 
1 gives the measured dye concentrations for each curve. 


TABLE 1 
CONCENTRATION OF DYE IN THE SOLUTION USED TO OBTAIN THE SPECTROPHOTOMETRIC CURVES OF 
FIGURE 2 AND THE SPACELIGHT MEASUREMENTS IN FIGURE 1 
Concentration, gms/ce 
Curve No Spectrophotometry Spacelight measurements 
0.237 ¢ 1¢-* 
0.136 x 10-4 
0.0682 x< 10-4 
0.0341 x 1074 
0.0170 x 10 
0.0085 x 10 
0.00425 « 10 
0.0006 x 10 
0.000384 kK 1074 
0.000192 « 1074 
0.000096 « 10 
0.000048 x 10 


If curve 11 of Figure | is taken to represent positive identification of the ab- 
sorption band at 550 mu, then the technique of spacelight spectroscopy has made 
the identification at a concentration level of 0.96 X 107-8 gms/ce (0.0096 mg/liter). 
Lower levels of concentration should be detectable with an unobstructed path of 
sight. 

Figure 2 shows a series of spectrophotometric curves run at various concentra- 
tions of the same dye in a 1-cm. cell, using a 10-mu bandwidth throughout the 
spectrum. A l-cem cell of distilled water was used for comparison. It will be 


Sy, 


560 
WAVELENGTH IN MILLIMICRON 
Spectrophotometric curves made on a G.E.-type spectrophotometer of various concentra- 
tions of the minus-green dye in a 1-cm cell. 
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observed from Figure 2 that the minus-green dye exhibits departures from Beer’s 
law; in particular, the relative strength of the two absorption minima reverses with 
dilution. This is barely discernable in curve 7 of Figure 2 and has been confirmed 
by using a 10-cm cell. In Figure 1 these two bands appear in the relative strength 
characteristic of great dilution, thus demonstrating one of the characteristics of 
spacelight measurements. 

An experiment in which the particles (rather than the water) contained the dye 


Or 
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Fic. 3.—Curve A is the spectrum of Scenedesmus obtained in situ. The chlorophyll concentra- 
tion was determined to be 0.0015 mg/liter. Curve B is the spectrum of Scenedesmus obtained in 
situ. The chlorophyll concentration is estimated to be 0.06 mg/liter. Curve C is the spectrum 
of the acetone extract of Scenedesmus given for comparison with curve B. 


is perhaps of greater interest to marine biologists. In this experiment, suitable 
nutrients for the growth of the fresh-water plant Scenedesmus were added to a 
tank of filtered tap water, and the tank was then seeded with a pure culture of this 
plant. Mirrors were installed in the tank in such a way that the path length was 
increased to about 21 feet. Spectroradiometric measurements of the space light 
were made daily. In order to remove the wavelength variability of the natural 
sun and sky light, spectral data from the Scenedesmus cultures were divided at 
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each wavelength by spectral measurements made on the space light from the nu- 
trient solution without the Scenedesmus. 

In addition to spacelight measurements, the chlorophyll concentration was de- 
termined daily by standard techniques used for biological studies of the ocean. 
These techniques yield spectrophotometric data on an acetone extract of the 
chlorophyll from a sample of known volume. Comparison of the two methods 
reveals that detection of the chlorophyll by spacelight spectroscopy was achieved 
with the present method at a chlorophyll concentration of about 0.0015 mg/liter. 
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Fig. 4.—A more detailed spectrum of Scenedesmus in situ obtained from a highly concentrated 
culture. The chlorophyll concentration is estimated to be over 0.08 mg/liter. 


The spectrum obtained at this concentration is shown in curve A of Figure 3. 
Also in Figure 3 the spectrum of the living organism at a concentration of about 
0.06 mg/liter (curve B) is compared with the absorption spectrum obtained from an 
acetone extract of the chlorophyll (curve C). For ease of comparison, two curves 
have been chosen that exhibit approximately the same density differences between 
maximum and minimum values. It would be expected that curve B would show 
some differences from curve C since other pigments, in addition to chlorophyll, 
contribute to the absorption spectrum of the living plant. In addition to this, 
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the spectrum of chlorophyll may be different at the great dilutions present in the 
culture tank from that in acetone in the spectrophotometric cell. The spectrum 
of a still more concentrated culture of the living plant showing more detail than 
curve B is shown in Figure 4. The cultures represented by curve B of Figure 3 
and by Figure 4 were very concentrated and overtaxed the normal extraction 
methods. The values given for chlorophyll concentration for these two curves are 
estimated. 

Discussion.—Spacelight spectroscopy is based on the total attenuation coeffi- 
cient @ and in this respect differs from other spectrophotometric techniques which 
are generally based on the absorption coefficient, a. For biological oceanography 
there may be an important advantage in using the total attenuation coefficient. 
Phytoplankton and the particulate matter associated with them are generally 
large enough so that the scattering from them is nonselective with respect to 
wavelength. Ideally, therefore, one can assume that variations of a versus wave- 
length are due to absorption only. In principle it follows that the minimum spec- 
tral value of a, minus the absorption of H,O at this minimum, must most nearly 
represent the total scattering coefficient and that the difference between the mini- 
mum value of @ and its maximum value at some other wavelength must represent, 
at that wavelength, the absorption coefficient of the absorbing constituents other 
than the water. Thus the curve of a versus wavelength can be used to estimate 
both the scattering and the absorbing coefficients of the medium. 

The normal ratio of scattering coefficient to absorption coefficient for a specific 
organism should soon become apparent and departures from this normal may have 
important biological significance. 

There is, of course, some choice in the selection of a “standard” with which to 
compare N,. The choice of Nx as a standard leads to the determination of a, 
as we have seen, but it may not always be necessary or advantageous to determine 
a. For example, the data of Figure 1 are not values of a and yet they adequately 
identify the dye, as previously discussed. 

Similarly, one might wish to make a laboratory study of a pure strain of phyto- 
plankton using an equivalent path of water with scattering agent but no plankton 
as a standard. This technique would have the advantage of cancelling out the 
absorption characteristics of the water. The measurements on Scenedesmus 
indicate that the method can be expected to provide useful detection of plant pig- 
ments in the ocean at concentrations down to at least 1.5 micrograms/liter. It is 
likely that this detection level will be improved, perhaps by a factor of 2, in ocean 
measurements where there are no mechanical limits to the path length. Holmes? 
has measured surface chlorophyll a in the Pacific and has found values ranging 
from 10.2 to 0.719 micrograms/liter in rich areas with lower values down to 0.037 


micrograms, liter in poor areas. Thus spacelight spectroscopy should be a useful 


tool in areas of high standing crop. Its application to areas of low standing crop 
remains to be tested. 

The author wishes to express thanks and appreciation to Ralph A. Lewin, Division of Marine 
Biology at Scripps Institution of Oceanography for his help in isolating and growing the pure 
strains of Scenedesmus and for his counsel in growing this plant experimentally in large volumes; 
and to Robert W. Holmes and Mrs. Anne N. Dodson, also of the Division of Marine Biology, 
for their help in determining chlorophyll concentration. 
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1 Radiative transfer theory has been applied extensively to problems in hydrologic. optics by 
R. W. Preisendorfer. See, for example, Jour. Mar. Res., 18, 1-9 (1959); also U.S. Govt. Reports 
PB 153995, PB 153994, PB 153993, PB 153987, PB 153992, and PB 153990. 

2 Holmes, R. W., “Surface Chlorophyll ‘A,” Surface Primary Production, and Zooplankton 
Volumes in the Eastern Pacific Ocean,’’ in Rapp et Proc.-Verb., Cons. Internat. Explor de la Mer., 
144, 109-116 (1958). 


THE INACTIVATION OF TRYPSIN BY ULTRAVIOLET LIGHT, II. THE 
INVOLVEMENT OF INTRAMOLECULAR HYDROGEN BOND 
DISRUPTION* 


By L. G. Auaenstine,t C. A. Gurron,t K. L. Grist,t AND R. Masont 
BROOKHAVEN NATIONAL LABORATORY AND IMPERIAL COLLEGE 


Communicated by Donald D. Van Slyke, September 18, 1961 


The relatively low stability of enzymes when exposed to various adverse physical 
situations is well known.' With heat or surface forces, it is generally concluded 
that loss of enzymatic activity results from the disruption of the weaker bonds 
responsible for the native protein conformation,?~® there being little likelihood that 
scission of the primary polypeptide chain would contribute significantly to such 
inactivation. 

Three mechanisms, proposed to account for enzyme inactivation by different 
types of irradiation, have been reviewed recently.6 lor example, in the case of 
photodynamic action, an amino acid residue, which is presumed to form an 
essential part of the ‘‘active center,” is modified with a concomitant loss in en- 
zomatic function.’ Of particular pertinence to the present report are two pro- 
posals that UV and ionizing radiations can produce inactivation by causing the 
disruption of a sufficient number of weak bonds so that the conformation needed 


for enzymatic activity is destroyed. Those postulates concerning structural 


changes differ mainly in respect to the degree of specificity with which the crucial 


weak bonds are designated and the types of bonds which are considered to be 
important; either hydrogen or disulfide bonds or both have been considered to be 
critically involved. 

The essential role of cystine disruption in the UV-inactivation of trypsin is 


discussed in another publication; the investigations reported here were designed 
to further evaluate the participation of hydrogen-bond disruption in the inactivation 
process. The present experiments were suggested by theories relating to the role 
of intramolecular proton transfer in radiobiological reaction mechanisms and by 
the studies of Linderstrom-Lang and others on the kinetics of deuterium substitu- 
tion in proteins, their use in structural investigations and the observed modifica- 
tion of the exchange rate during the UV-irradiation of solutions of ribonuclease.!!~'4 
The thermal activation energies for UV-inactivation of deuterated (D—) and proton- 
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ated (H—) trypsin preparations—as determined in the present experiments—are 
identified with the vibrational modes of hydrogen and deuterium atoms involved 
in intramolecular hydrogen bonding. It is suggested that the excitation of such 
torsional modes is essential for the initiation of a charge-transfer process which 
ultimately leads to sufficient modifications of the macromolecular conformation, 
so that inactivation results. Aspects of a number of possible reaction mechanisms 
and intermediates are discussed. 

Experimental Methods.—Trypsin solutions were prepared by dissolving 0.2 gm of twice-crystal- 
lized, salt-free trypsin (obtained from Worthington Biochemical Corporation, Freehold, N. J.) 
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Fic. 1.—UV-absorption spectra of 0.5 mg/ml of protonated and deu- 
terated trypsin in 0.01 M NaH PO, buffer using HO and D.O respec- 
tively as the solvent. Measurements were made at 21° C. 


in 30 ml of 0.01 MM HCland diluting to 100 ml with 0.01 17 NaH»2PO, solution. The final pH 
was 3.0. Portions of this stock solution were lyophilized, the residue dissolved in 99.8% deuterium 
oxide, and allowed to stand for a number of days. Two further lyophilizations and treatment 
with deuterium oxide produced the final deuterated trypsin which was dissolved in D.O to give 
the original stock concentration. Standard protonated trypsin was prepared by an identical 
procedure using triply-distilled ‘“‘conductivity’’ water. Kinetic studies, by infrared and nuclear 
magnetic resonance techniques, of the deuteration of trypsin will be reported in detail later; 
the method used in the present work ensured that complete substitution of all O—H and N—H 
protons had taken place.'* Ultraviolet absorption spectra of ca. 20 uM solutions—assuming 
M.W. = 24,000 (see ref. 15)—of the protonated (pH 4.5) and deuterated trypsin (Fig. 1) were 
recorded on a Carey Recording Spectrophotometer. The optical rotation of 59% enzyme solutions 


were measured by standard polarimetric techniques. 
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The stock solutions were diluted 40-fold with 0.01 1 NaH.PO, (in either D.O or H.O as appro- 
priate). Forty ml of these ca. 2.1 4M solutions were irradiated in a 1.5-cm-deep quartz 
cuvette with a bank of 8W germicidal lamps providing approximately monochromatic radiation 
(\ = 2,537 A). A thermostatically controlled water bath maintained the temperature of the 
irradiated solutions to within 0.5°C over the range 5-50°C. The pH of the H2O solutions was 4.5. 

After suitable irradiation periods, the absorbance (OD) of the irradiated solutions was measured 
at 254 my and samples were removed for determining residual enzymatic activity. The rate of 
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Fic. 2.—Compilations of the reciprocals of the observed rates of UV- 
inactivation, éj;, as a function of the reciprocal of the temperature, 1/7’, 
during the irradiation of ca. 2.1 uM protonated and deuterated trypsin 
solutions (pH 4.5). The different symbols represent independent experi- 
ments (x, preparation No. 1; A, No. 2: O, No.3; and, No. 4). The 
lines indicate the least-squares calculations (see Table 1) for the combined 
data which gave Fay = 2.20 + 0.09 keal/mole and Eap 1.90 + 0.12 
keal/mole. 


hydrolysis of the substrate benzoyl-L-arginine ethyl ester'® (BAEE) in pH 8 phosphate buffer 
was used to estimate the esterase activity of trypsin. All solutions used in the assay were such 
that the final mixture contained a negligible concentration of DsO. The effect of urea on both 
the protease and esterase activities was determined using respectively hemoglobin-urea and 
benzoyl-arginine-ethyl ester-urea assays.'® 18 

There was a difference in the absorbance at 254 my of the deuterated and protonated solutions 
the OD’s of the ca. 2.1 uM unirradiated solutions were respectively 0.034 + 0.004 and 0.030 + 
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0.003. However, as explained in the next section, this 10% difference does not complicate the 
interpretation, since only relative changes are involved in the calculations. 
Results.—The amount of tryptie activity, N,, remaining after an exposure of ¢ 
min to 2,537-A light can be described by 
In(N,/N,) —kt, (1) 
where the rate of UV-inactivation, /, is a function of a number of factors (e.g., 
light intensity, concentration). The effect of temperature on the rate of UV-in- 
activation of several batches of protonated and deuterated trypsin is summarized 
in Figure 2. These Arrhenius plots are based upon the equation 
In k const. — £,4/RT (2) 
relating &, the activation energy, £4, and the absolute temperature, 7’. The plots 
are sufficiently linear so that it seems unlikely that there are two or more processes 
with widely differing activation energies which are important in determining the 


rate of inactivation. 
Listed in Table 1 are least-squares calculations of the activation energies cor- 


responding to the separate sets of data shown in Figure 2. From these results, 


the average activation energies for the UV-inactivation of H- and D-trypsin are 
Kan 2.20 and E'4p 1.90 keal/mole. Much of the discussion in the next sec- 


tion is concerned with the absolute values of the two /#4’s. It is also important 
that the calculated AE, of 0.3 keal/mole appears to be significantly different from 


TABLE 1 


CALCULATED ACTIVATION ENERGIES (Han AND E4p) AND THEIR ESTIMATED STANDARD 
DEVIATIONS (o£44 AND of£4p) FOR THE DATA SUMMARIZED IN FIGURE 2 
Preparation I 1 Tp se 7 E 1D TRAD P 
No. 1 Ba 0.20 7 1.86 ( 7 ) < 0.025 
No. 2 : 0.17 1.88 : f < 0.20 
No. 3 » Ae 0.17 1.95 c 38 < 0.20 
No. 4 7 0.14 


Combined 
data : 0.09 15 1.90 0.12 . 2.92 < 0.005 


nyu and np ar r of independent experiments conducted on the different preparations. P is the proba- 
bility that (#4 Eap 0 determined from the values of t by the ¢-test 


zero. The last column in Table 1 indicates the probability that (Hag — Hap) = 0 
as determined by the ¢-test for comparing linear regression coefficients (with ap- 
propriate allowance made in the caleulations of variance for unequal values of 
n).'° Taken individually, only the first group of experiments yielded a difference 
which is statistically significant; however, when all the data are combined, the 
probability is calculated to be less than 0.005 that 44,4 and £4 p are the same. 

In Figure 2, 1/ts7 is used as the value of k, where tj; is the irradiation time re- 
quired to reduce the enzyme activity to 37 per cent (i.e., e~') of its initial activity. 
This procedure for estimating /, is valid inasmuch as (2) values for the OD of 
unirradiated samples (which are correlated with the absorption cross section of 
native molecules) are essentially independent of temperature over the range in- 
vestigated and (77) even though the irradiations were made in 1.5-em.-deep cuvettes, 
the trypsin concentration was sufficiently dilute so that the variation of average 
UV intensity, J, with temperature and irradiation time is less than the variance 
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(ca. 5%) in determinations of OD and residual activity—that is, [is;/Z) varied at 
most by 3 per cent in the temperature range studied. Thus, the use of uncorrected 
ts; values in the estimation of EH, will not lead to systematic errors in excess of 
the estimated standard deviations calculated solely on the assumption of random 
errors. 

The observed rate of inactivation as measured by BAEE-urea assay is independent 
of urea concentration if this be greater than 5 molar. The activation energy for 
this assay when [urea] > 5 M is Ey = 0.0 + 0.2 keal/mole. Similarly, the rates 
of UV-inactivation measured by hemoglobin-urea assay show a temperature inde- 
pendence, in accord with a previous report.?° 

Discussion.—Evidence was presented in an earlier discussion of the ultraviolet 
inactivation of trypsin, indicating that at least three classes or types of trypsin 
molecules are present in solution after irradiation.”” The proposed scheme could 
be represented in the following way, 





Active trypsin hy Inactive trypsin 


substrate 


Rn 


where Ry, R,..R;..R, represent possible reaction intermediates. The R, 


molecules may be similar insofar as they represent trypsin molecules in which 
insufficient bonds have been disrupted to yield totally inactive molecules; the 
molecular rearrangements are such that an active conformation may be reconstituted 
by exposure to suitable substrate; and they may also be converted to the inactive 
class by thermal treatment or urea. It was concluded that molecules in this so- 
called damaged class differ from those in the inactive class by possessing a larger 
number of intact hydrogen bonds in what was designated the ‘‘weak-link” of the 
molecule, that is, a cluster of bonds which can be easily disrupted and are critically 
involved in maintaining a_biologically-active conformation. This conclusion 
depended upon three observations: (a) the temperature dependence of the rate of 
UV-inactivation was thought to be a measure of the energy of a weak hydrogen 
bond; (b) for [urea] > 5 M, the effects of temperature and urea on the measured 
rate of inactivation are not additive (i.e., the H4 estimated by urea assays is ca. 
0.0 keal/mole); and (c) the rate of inactivation at the highest temperature at 
which the experiments can be conducted (60°C) does not depend upon the urea 
concentration used in the assay. 

The present results appear to permit a more precise specification of the manner 
in which hydrogen bonds are involved in UV-inactivation, for the estimated activa- 
tion energies are entirely in accord with what was to be expected on che basis of a 
mechanism proposed by one of us earlier.'' In that model, the change in radio- 
sensitivity of a number of biological systems due to various environmental factors 
was cited as evidence for the implication of excited triplet states as essential inter- 
mediates in the inactivation process. The temperature dependence of the rate of 
radiobiological reactions was interpreted on the basis that one or two vibrational 
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quanta are, in general, necessary for a large transition moment of intersystem 
crossing between electronically excited singlet and triplet states. The thermal 
activation energy is thus identifiable with the spacing of the vibrational levels in the 
excited singlet state. 

In such a bond system > N—H...O = as links individual residues in the poly- 
peptide chains of proteins, at least three principal vibrational modes of the N—H 
group are obvious.*! (7) The N—H stretching frequency varies from ca. 3,400 to 
3,100 em~! in a way depending on the N...O bond distance. Deuterium sub- 
stitution in the bond changes this frequency so that va/yp = 1.27—1.36; thus, 
the vibrational energies associated with the N—H and N—D stretching modes are 
9-10 and 6-7.5 keal/mole respectively. (77) The in-plane N—-H bending mode 
in amides and N-substituted amides is approximately 1,250 em~! (that is, ~ 3.6 


keal/mole); again vy/¥p ~ 1.3, so that the energy of the N—D bending mode is 


1 
( 


approximately 2.7 keal/mole. (cz) The out-of-plane torsional mode has been 
identified as a broad absorption extending from 800 to 650 em~! in the infrared 
spectrum of proteins, synthetic polypeptides and a number of N-substituted 
The vibrational energies of this mode are therefore 1.9—2.3 and 1.5-1.8 
keal/mole respectively for the protonated and deuterated bonds. 


99 


amides. ?! 


Crystalline trypsin shows a similar absorption with poorly-resolved maxima at 
approximately 775, 745, 700, 660, and 625 em~!. The maximum at 745 em~! is 
removed on deuterium substitution and would appear to be a pure hydrogen 
vibrational mode; its vibrational energy is 2.15 keal/mole, which is in excellent 
agreement with the observed 24, = 2.20 kcal/mole estimated for H-trypsin 
preparations. The E4’s for the H- and D-preparations again imply that for the 
torsional mode of interest vy/yp = 1.16. The isotope substitution effect on 
vibrational frequencies depends, of course, on the amplitude of vibration in the 
normal mode and is, in general, considerably less than the theoretical value of 
1.41. There is enhanced absorption in the infrared spectrum of D-trypsin at ca. 
650 cm~! corresponding to the suggested isotope ratio although the absence of 
any well-resolved peaks makes any clear assignment of possible N—D vibrational 
frequencies impossible. We hope to be able to report later some detailed assign- 
ments of vibrational frequencies in this region when low-temperature infrared 
absorption studies are completed. 

It was suggested previously that the excited-triplet-state configuration of the 
protein can be considered as an isomer or tautomer of the native molecule, so that 
the formation of excited triplet states would lead to modifications of the secondary 
structure, including those associated with the inactivation processes. The energy 
of the bond system >N—H...O = depends critically upon its linearity, and 
insofar as the energy is electrostatic in origin, the equation 


EK = E, cos @ 


should express the dependence of the energy on the angle of non-linearity, ¢. 
Large deviations of the proton from the linear arrangement will occur in those 
vibrationally excited states involving the torsional modes discussed earlier. Thus, 
provided there be no large energy or entropy difference between alternative ar- 
rangements, such a transition-state geometry could readily lead to the intercon- 
version of one hydrogen-bonded conformation to another. 
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The use by Anson and Mirsky of the hemoglobin assay to study ‘“‘reversible”’ 
heat inactivation indicated that under certain conditions the disruption of hydro- 
gen bonds can contribute to trypsin inactivation;'* yet, the fact that this assay is 
carried out in >5 .V/ urea appears to show that a number of the hydrogen bonds 
are not essential for the maintenance of the active conformation. The accompany- 
ing report clearly indicates that, in addition to hydrogen bonds, other intramolecular 
bonds—in particular disulfide bonds—must be disrupted for inactivation of the 
enzyme to proceed.'” The exact sequence in which these various bonds are dis- 
rupted is not, however, clear. Konev suggested that absorption by the peptide 
linkage in the region of 250 mu leads to the following sequence of electronic re- 
arrangements: an excited singlet; conversion of the excited singlet to a triplet 
state; electron transfer by a triplet-state conduction-band mechanism to an aro- 
matic amino acid residue; and finally, the emission of a photon by the chromophoric 
group.” It seems possible that, initiated by such absorption and internal con- 
version, “hole’’ migration by a tunneling mechanism to a cystine grouping could 
result in its disruption with a concomitant loss in enzyme activity as a result of 
the complete rupture of the “weak-link” structure. There are, however, reasons to 
doubt that this sequence of events is the most likely one by which 2,537-A light 
produces inactivation. (a) According to such a sequence, the amount of cystine 
disruption—and therefore the increase in sulfhydryl! titer—should show an activa- 
tion energy of approximately 2 keal/mole. Such an increase is not observed.*4 
(b) The rate of UV inactivation is essentially the same for trypsin irradiated in 
8 M urea and maintained overnight in 8 M urea before assay, as for trypsin ir- 
radiated in the absence of urea but maintained overnight in 8 MW urea.*4 (ec) Sig- 
nificant absorption by the peptide group at 250 mz is still doubtful in spite of the 
reports of Konev and others.?* * 76 Thus, it seems more likely that the 
sequence of events leading to inactivation is initiated by the excitation of crucial 
disulfide bonds. lor example, Setlow and Doyle calculated, on the basis of the 
action spectrum of UV-inactivation of trypsin, that a quantum absorbed by eystine 
has a much greater probability of producing inactivation than one absorbed by 
other residues in the enzyme.” The wave-length of UV used in the present studies 
was chosen particularly because it is strongly absorbed by the cystine component. 
The present results thus show the need of investigating the possibility that an 
excited disulfide bond can interact with a neighboring peptide grouping—possibly 
to extract a proton or hydrogen atom—in such a way that the charge transfer 
process is initiated with a corresponding modification of the hydrogen bond con- 
figuration essential to activity. 

Perhaps the required interaction might occur directly as a result of the formation 
of N—H...S bonds.*> The formation of such bonds will depend quite critically 
upon the orientation of the sulfur ‘lone-pair’ vis-a-vis the N—-H bond direction. 
Absorption by the disulfide bond would result in the promotion of an electron 
from the sulfur lone-pair orbital to an antibonding level—probably involving some 
d-orbital character. The excited state resulting from such an n-z* transition 
could then extract the hydrogens attached to adjacent nitrogen atoms. We would 


expect the formation of sulfhydryl groups, according to this mechanism, to proceed 


with a very small, if not zero, activation energy corresponding to a symmetrical 
hydrogen bond in the excited state. Certainly the possibility can be excluded 
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that the activation energy for the UV inactivation represents a vibrational quantum 
corresponding to the N—H... . 8 stretching mode, since the frequency of this mode 
is ca. 3,000 cem~!, which is equivalent to an energy of about 9 keal/mole.** * Such 
a model relies on the fact that hydrogen transfer is not the rate-determining step 
in the reaction mechanism. Also, both sulfur atoms may be hydrogen-bonded, 
although kinetic considerations argue against the simultaneous production of two 
sulfhydryl groups. The formal charge on the sulfur atom following disulfide bond 
fission could be relieved by either a charge-transfer mechanism or an interaction of 
these atoms with adjacent groups in the chain or its surroundings. 

These proposals differ in important respects from those suggested by Patten 
and Gordy.*! On the basis of electron spin resonance studies of y-irradiated 
proteins, they suggested that charge migration is ‘assisted by the slow torsional 
motions of the molecules in excited vibrational states.”” Such vibrational modes 
would lead to increased overlap between adjacent peptide planes of the polypeptide 
chain, thereby increasing z-electron conjugation. These modes would also be 
expected to have frequencies similar to that of the N—H torsional mode, so that the 
activation energy for charge migration, which proceeds according to this mechanism 
should be approximately 2-3 kcal/mole. Deuterium substitution would, however, 
have little effect on the vibration of the peptide group as a whole. Accordingly, 
the “hole”? migration mechanism suggested by Patten and Gordy does not appear 
to be able to provide a complete explanation of our present experiments. 

We should finally point out a number of problems which concern our knowledge 
of the conformation of the macromolecule and its possible modification by isotope 
substitution. The fact that the optical rotation of the protonated and deuterated 
solutions of trypsin are identical scarcely precludes the possibility that between the 
two species there are small differences in structure which may be important in 
determining the radiation response. Our interpretation of the ultraviolet absorp- 
tion spectra (Fig. 1) is that differences in interaction between the aromatic amino 
acid residues and H.O and D.O lead to differences in the structure or shape of the 
ground and/or excited states of those residues, thereby modifying the transition 
probability between vibrational levels of the ground and electronically excited 
states; however, our previous discussion assumes that the vibrational spacings in 
the excited states are similar to those in the ground state. Some indication of 


possible conformational changes, resulting from deuteration, has been obtained 


for enzyme preparations that infrared methods showed to be only partially 
deuterated; the activation energies were significantly different from those of either 
the completely protonated or deuterated trypsin. A careful control of the extent 
of deuteration and the determination of the radiation sensitivity of such materials 
should be of considerable interest in implicating particular residues in the inactiva- 
tion process. 

In spite of these uncertainties, the present results together with studies of the 
thermoluminescent emission from y-irradiated trypsin indicate that the question 
of triplet state intermediates in radiobiological reactions should be pursued.® * 
Electron spin resonance studies of such excited configurations are being undertaken. 


The authors are very grateful to E. Blout, D. Craig, and H. Quastler for helpful suggestions. 
We also thank 3S. Seltzer for aid in infrared absorption studies. 
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It seems likely that in various biological systems energy consuming chemical 
reactions are coupled to delocalized states of energy. Let us suppose that the 
circles in Figure 1 represent an aggregate of, say, 100 molecules to which we com- 
municate an energy quant. We suppose one of the molecules, labeled m, to be close 
to another molecule or molecular aggregate S, which will eventually use the energy, 
and thusact as asink. The question is how the energy quant can reach that sink. 
Two different mechanisms could be proposed, an individual and a collective one. 

(a) The individual picture: At any given instant, the energy of excitation is 
considered to belong to one individual molecule of the system. Through a dipole- 
dipole interaction between two neighboring molecules in resonance, the energy 
“Jumps” from one molecule to another. The energy in this picture “‘migrates’’ in 
a way similar to the Brownian motion of a particle, until it reaches S. This pic- 
ture has been treated by J. and F. Perrin,! and T. Forster.? 

(b) The collective picture: In this picture, which has been initiated by Frenkel® 
in solid-state physics and worked out by others,‘ the energy is delocalized, behaves 
more like a wave and can be directly transmitted to the sink. We feel that this 
mode of transmission, which, with certain modifications, holds also for an electron, 
has not been sufficiently appreciated in biology. Such delocalized states are repre- 
sented in quantum mechanics as a superposition of localized states. Thus, for 
example, we might let the symbol #, represent the absorbing molecules with the 
excitation localized on, say, the Ath molecule. Then the delocalized state would be 
represented by a superposition of the localized wave functions: 


ay;P, + oP» + oe + anPy. 


One describes the entire system (molecules plus sink) by the product of the wave 
function above and another wave function (call it £) which represents the sink. We 


can let & represent the sink before it has trapped the energy, £1, afterwards. The 


probability per unit time that the energy will be trapped is proportional to the 
square of the quantum mechanical matrix element of the coupling energy H’ which 
connects the initial state 


V; (A,B; + aod. + ... + ayPy)éo 
to the final state 
Wp = Dob 


where ® is the wave function of the aggregate of molecules in the ground state. 
Because of the short range of the forees which couple the sink to the collection of the 
molecules, the matrix element will be zero, unless a,, # 0. The matrix element for 
the transition of the energy to S will be equal to the coefficient a,, multiplied by the 


coupling energy : 
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SV AH'V dr — S' (ots) *H (ah, + aoby + ... + ay®y) Kodr= 
Om J (Poe1)*H'@,,Eod 7. 
If the sink is strongly coupled to the adjacent molecule, that is, if 
S (BoE1)*H@, nod 

is very large, then the probability per unit time for the energy to be trapped will be 
large, even though at the time of trapping a,, (1.e., the probability of the excitation 
being near to the sink) is small. 

In the individual picture, S could absorb the energy only if it happened to migrate 
to m. A random migration of this kind would be slow if the number of the mole- 
cules in the collection were large, for example, 100 as in Figure 1. The excitation 


’ 


would have to make on the order of (100)? jumps before reaching S. 


ee 


Fig. 2 
Fig. | 


Speaking roughly, the individual picture is valid when the time needed for the 
thermal motions to destroy phase relationships is smaller than the time needed for 
the excitation to make a single jump. Let us try to make this criterion more pre- 
cise. In the individual picture, one makes the perturbation expansion assuming 
that the coupling energy which causes excitation to migrate can be treated as a 
small quantity. Since the range of coupling is very short, a jump to the next 
nearest (from A to C in Fig. 2) neighbor is a second-order effect, involving exci- 
tation of the nearest neighbors (B) as intermediate states. The number of these 
intermediate neighbor molecules will be called n. In order for the picture of indi- 
vidual jumps to be valid, the perturbation series must converge—i.e., it must be 
easier for the excitation to make a short jump from A to B than a long one from 
AtoC. If we assume that the effect of thermal motions is to broaden the ex- 
cited level into a Lorentzian shape of width AT, then the condition for convergence 
of the perturbation series turns out to be Tt;/n? > 1. Here ¢, is the time needed 
for a jump to an adjacent molecule. 

We can try to apply these considerations to biological systems, say, to a granum 
of a chloroplast. If one accepts the idea of the photosynthetic unit of Emerson and 
Arnold,® then the situation is similar to that in Figure 1. 

A photon is absorbed somewhere in a group of about 200 chlorophyll molecules 
and is transmitted to an enzyme system (8) where it is utilized. Franck and 
Livingston® have pointed out that since the fluorescence yield of chlorophyll in vivo 
is only 10~%, the absorption must take place in a thousandth of the fluorescence 
decay time (10-* sec), thus in 10-" see. If the transfer proceeded by individual 
random jumps, it would have to make 10¢ of these in 10~'! seconds, that is, é; would 
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have to be 10~-" seconds. <A reasonable figure for the collision broadening of the 
excited level would be given by [! ~ 10" sec~'. Since the chlorophy! molecules are 


thought to be arranged in a monomolecular layer. we let n = 2, then 
rt, 
+2 x 10-3, 


n~ 


Therefore the condition for convergence of the perturbation series is by no means 
fulfilled, and in order to get a valid approximation, one would have to solve the 
secular equation, which would lead to nonlocalized states. Further work in this 


direction is in progress. 

The above considerations hold also for more extensive systems. It seems 
possible that they can be applied to biological processes other than photosynthesis. 
For example, excitation processes in the retina could be mentioned. The light 
wave focused on one visual rod is coherent within the area of this rod. It ssems 
probable that this collective character of the excitation is important for the forma- 
tion of the signal in the adjoining nervous system. It also seems possible that 
collective activities play a role in the function of the central nervous system and 
relations may be found, say, between conscience and nonlocalized electronic states, 
or S and storage of memory. 

* This research was supported by grants from The Commonwealth Fund, the National Science 
Foundation (Grant B-10805) and The National Institutes of Health, (Grant H-2042, C5-7, 
BBC). 
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CALCIUM UPTAKE BY RAT KIDNEY MITOCHONDRIA* 
By H. F. DeLuca anp G. W. EnGstromM 
DEPARTMENT OF BIOCHEMISTRY, UNIVERSITY OF WISCONSIN 
Communicated by R. H. Burris, September 21, 1961 


It has become increasingly apparent that an understanding of the biochemical 
events involved in the transport of calcium across biological membranes is essential 
to the ultimate elucidation of the mechanisms of action of vitamin D and para- 
thyroid hormone. It is well established that the primary physiological action of 
vitamin D is to improve calcium absorption by the small intestine! and that para- 
thyroid hormone is involved in blood calcium homeostatic mechanisms.? The 
hormone also has been shown to improve intestinal absorption of calcium.* Jn 
vitro experiments with everted intestinal loops or sacks have further demonstrated 
that vitamin D and parathyroid hormone increase the transport of calcium across 
the intestinal membrane.*~7 

Slater and Cleland* found that heart muscle sarcosomes could take up large 
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quantities of calcium. Phosphorylating kidney mitochondria accumulate sodium 
and potassium ions against a concentration gradient,’~'! and it has been reported 
that calcium ions likewise are taken up by kidney mitochondria undergoing oxidative 
phosphorylation.'? The process of oxidative phosphorylation appeared essential 
to the binding of calcium by the mitochondria. Work in this laboratory! has 
shown a striking effect of vitamin D on the structural integrity of isolated kidney 
mitochondria. It therefore seemed plausible that kidney mitochondria might 


provide a model membrane system for studies of calcium transport and the mecha- 


nisms of action of vitamin D and parathyroid hormone. 

This communication indicates that kidney mitochondria take up large quantities 
of calcium by a process which requires adenosine triphosphate (ATP), an oxidizable 
substrate, and magnesium ions, but which is not directly dependent upon oxidative 
phosphorylation. 


Methods.—Young male rats of the Holtzman strain weighing 70-80 gm were housed in hanging 
wire cages and given food and water ad libitum. The diet fed was essentially the adequate calcium 
and phosphorus diet of Steenbock and Herting' except that vitamin-free casein plus 0.2 per cent 
L-cystine replaced egg white as the protein source. In each experiment, the rats were divided 
into two equal groups. One group received no vitamin D, while in the remaining group each rat 
received 75 i.u. of crystalline calciferol in cottonseed oil every three days. Retarded growth and 
reduced serum calcium were evident in the vitamin-D deficient group.'* After the rats had been 
on their respective diets for at least 21 days, pairs of vitamin-D deficient and supplemented rats 
were killed by a sharp blow on the head followed by decapitation. The kidneys were removed 
quickly and chilled in ice-cold isotonic sucrose. A 10 per cent homogenate of the kidneys was 
prepared at 0°C with a Potter-Elvehjem homogenizer fitted with a Teflon pestle. Ten ml of 
homogenate was layered over 10 ml of 0.34 M sucrose and centrifuged at 600 * g for 10 min to 
remove nuclei, debris, and unbroken cells. The upper layer was removed carefully and centri- 
fuged at 8,000 < g for 10 min to sediment the mitochondria. This preparation was washed once 
with 0.25 M sucrose and finally suspended in 5 ml of the isotonic sucrose. Unless otherwise indi- 
cated, 0.5 ml of this suspension was incubated at 30°C in a mixture which contained 0.08 umoles 
cytochrome c; 6 wmoles ATP; 45 umoles succinate or 15 umoles glutamate; 10 umoles MgCl; 
0.9 umoles CaCl, containing Ca“; and either 40 umoles Tris buffer, pH 7.4, or 40 umoles phosphate 
buffer, pH 7.4; 40 umoles KCl and 300 umoles sucrose in a final volume of 3.2 ml. Mixtures 
were incubated in a Dubnoff-type shaker with air as the gas phase. Aliquots of the reaction mix- 
ture were removed, chilled to 0°C and immediately centrifuged at 20,000 x g for 7-10 minutes. 
The supernatant was decanted and, when desired, analyzed for calcium by a modification of an 
ethylenediaminetetraacetate (EDTA) titration method"™ or counted for radioactivity. To measure 
the radioactivity of the precipitate, the centrifuge cup was drained and wiped dry with tissue 
paper; the pellet was dissolved in dilute nitric acid and digested or it was dissolved in 0.2 per 
cent sodium lauryl sulfate, plated on stainless steel planchets, and counted as infinitely thin 
samples. Measurements of radioactivity were made in the Geiger region with a thin end-window 
automatic counting device. A sample of each mitochondrial preparation was analyzed routinely 
for nitrogen by Nesslerization.'* 

When ethylenediaminetetraacetate (EDTA) preparations were made, kidneys were homog- 
enized in 0.25 M sucrose containing 0.001 M sodium EDTA. The isolation was as described 
previously except that the mitochondria were washed once with the 0.25 M sucrose containing 
EDTA and then washed in sucrose free of EDTA. The preparations were suspended in isotonic 
sucrose free of EDTA and used as described previously. 

Results and Discussion.-When mitochondria were incubated in the complete 
medium, calcium was taken up very rapidly (Fig. 1). Even at 0-4°C, approxi- 
mately 60 per cent of the calcium was taken up by the mitochondria within 5 min. 
With the complete medium, the calcium remained in the mitochondria for at least 
10-50 min at 30°C. When the mitochondria were kept at 0°C following a 10-min 
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incubation at 30°C in the complete medium, the calcium remained in the mito- 
chondria for at least 3 hours and then was lost slowly. Mitochondria from vitamin- 
D deficient and vitamin-D supplemented rats took up approximately equal 
quantities of calcium and at equal rates, and the in vitro addition of either vita- 
min D” or of pure parathyroid hormone did not increase the rate of calcium up- 


take. However, both vitamin D and parathyroid hormone have a dramatic effect 
on the release of calcium from these particles, a phenomenon which will be 
described in detail in subsequent communications. 
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Fic. 1.—-Time course of the uptake of calcium by mitochondria. The complete 
phosphate buffered medium described in the text was used with 0.6 umole calcium 
(18,000 cpm). The reaction mixture was incubated at 0-4°C and after 5 min trans- 
ferred to a 30 3 Dubnoff shaker. 


TABLE 1 
THe Uptake oF Catcium BY MITOCHONDRIA WITH AND WITHOUT EDTA TREATMENT 
No EDTA Plus EDTA 
Mitochondrial Mitochondrial 
Calcium added Ca,* Medium Ca,t Ca,* Medium Ca,t 
pmoles umoles umoles umoles pmoles 
0.03 0.03 
0.3 0.3 <0.05 0.3 <0.05 
0.9 0.9 <0.05 0.9 <0.05 
1.d <0.05 1.5 <0.05 
1.8 LA 3.0 <0.05 
30.0 8.5 21.2 
* ( ‘alci im was determined by following Ca“ as described in Methods section. 
t The calcium was determined directly by the EDTA titration method. The incubation medium 
was as described in the text, except that the concentration of calcium was changed as shown in 


column 1 lhe mitochondria were isolated from a vitamin-D deficient rat in isotonic sucrose 
with and without 0.001 M sodium EDTA. 


Kidney mitochondria are capable of taking up relatively large quantities of 
calcium, as shown in Table 1. Mitochondria isolated from 1 gm of kidney will 
take up as much as 15 wmoles of calcium or 4.5 umoles of caleium per mg mito- 
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chondrial nitrogen. Calcium is lost rapidly from mitochondria containing high 
concentrations of caleium, perhaps due to excessive mitochondrial damage. Mito- 
chondria isolated from EDTA sucrose solutions had a greater capacity to take up 
calcium as reported by Slater and Cleland,’ probably because these mitochondria 
had lower levels of residual Ca at the beginning of the incubation. Table 1 
indicates a net uptake of calcium and not merely an exchange of Ca® for unlabeled 
calcium. In subsequent experiments, therefore, only the Ca*® measurements are 
reported. EDTA preparations were not used routinely, because this treatment 
may remove a metal ion of importance in the over-all process. In routine work, 
the larger concentrations of calcium also were avoided because of the possibility of 
damaging the mitochondria. 

The next experiments were designed to determine what supplements were re- 
quired by the mitochondria to support their uptake of calcium. Table 2 clearly 
reveals that ATP and magnesium ions are requirements for the uptake of calcium. 


The requirement for an oxidizable substrate is not demonstrated so readily, pre- 


sumably because of the presence of endogenous substrates." If the caletum and 
ATP were added initially, added substrate often had little effect. However, if 
substrate, ATP, and calcium were added after the mitochondria had been incu- 
bated for 15 min. in their absence, a requirement for substrate was apparent. 


TABLE 2 
MATERIALS REQUIRED BY MITOCHONDRIA FOR CALCIUM UpTaKE* 
Reaction medium Mitochondrial Ca, epm 

Complete (PO, , 40 umoles + Tris, 40 umoles) 66, 000 
No PO, 66 , 000 
No ATP 2,400 
ADP, 6 umoles; PO, , 40 umoles; no ATP 66, 000 
No Mgt? 2,290 
Complete (Tris buffer 80,750 
No cytochrome e 80,750 
No Mg** 10, 800 
No ATP 5,825 
No succinate 69 , 500 
Complete (Tris buffer) 73,500 
No Kt 70, 250 
No K*+ or sucrose 68 , 300 
Complete (preincubated 15 min without succinate, ATP, and 

calcium ) 
No succinate (preincubated 15 min without calcium and ATP) 

* The incubation medium was described in the text Mitochondria were prepared from 


vitamin-D deficient rats; those prepared from vitamin-D supplemented rats gave the same 
results. Reaction mixtures were incubated for 10 min at 30°C. 


It is noteworthy that inorganic phosphate is not necessary for calcium uptake. 
Nevertheless, in all subsequent experiments, the results have been checked with 
both Tris and phosphate buffered media, because phosphate has a pronounced 
effect on calcium metabolism. Table 2 also indicates that cytochrome c¢, potassium 
chloride, and sucrose are not necessary for the uptake of calcium. The low os- 
molarity of the medium devoid of these components had no adverse effect on the 
calcium binding process, suggesting that mitochondrial swelling plays little or no 
role in the phenomenon. It also is unlikely that oxidative phosphorylation per se 
is required, since maximal calcium uptake occurs in the absence of inorganic phos- 
phate. Furthermore, it is apparent that ATP can completely replace ADP plus 
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inorganic phosphate in the process of calcium uptake, which explains the require- 
ment for oxidative phosphorylation reported earlier. ! 

These results prompted a detailed examination of the quantity of calcium bound 
per umole of added ATP. Figure 2 reveals a nonlinear relationship between added 
ATP and the calcium taken up. The initial portion of the curve indicates that 
approximately 1 wmole of ATP is required per 10-15 wmoles of calcium bound. 
This is only an estimate, because it was not possible to determine synthesis and 
destruction of ATP by nonrelated processes. 

Succinate, a-ketoglutarate, glutamate, DPNH, and malate were found about 
equally effective substrates in supporting the uptake of caletum. TPNH and 
8-hydroxybutyrate at the levels tried gave minimal calcium uptake. As was 
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Fig. 2.—Dependence on ATP for calcium uptake by kidney mitochondria. The mitochondria 
were isolated from a vitamin-D deficient rat and incubated for 5 min at 30°C in the Tris buffered 
medium as described in the text, except that the ATP concentration was varied as shown. 


expected, citrate interfered with calcium uptake, presumably by virtue of its 
chelation abilities. 

Metabolic inhibitors provided useful information on factors involved in calcium 
uptake. Mitochondria were incubated with the inhibitor plus all the components 
of the reaction medium except ATP and calcium for 5 min, and then ATP and 
calcium were added. This technique prevented the destruction of ATP prior to 
the addition of caletum and provided time for the inhibitor to act. Dinitrophenol 
and sodium azide, potent uncouplers of oxidative phosphorylation, were without 
effect on the calcium uptake process; this apparently eliminates a direct involve- 
ment of oxidative phosphorylation. Oligomycin A, also an inhibitor of oxidative 


phosphorylation,'®: 2° was without effect. Inhibition of cytochrome oxidase by 
cyanide or sodium azide had little or no effect on the uptake of calcium. However, 


antimycin A, dicumarol, and 2,3-dimercaptopropanol (BAL) dramatically blocked 
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TABLE 3 
THe EFFECTIVENESS OF VARIOUS SUBSTRATES IN SUPPORTING CALCIUM UpTaKE BY 
MITOCHONDRIA* 


Calcium in mitochondria, 
Substrate epm 
None 11,700 
Succinate, 45 wmoles 86 , 000 
Glutamate, 15 wmoles 81,250 
a-Ketoglutarate, 15 wmoles 84,000 
Malate, 15 wmoles 83, 250 
DPNH, 10 umoles 75,200 
TPNH, 2.5 pmoles 17, 250 
B-Hydroxybutyrate, 15 wmoles 15,150 


) 
Citrate, 45 umoles 9 350 


* Mitochondria from 100 mg of a vitamin-D deficient kidney were incu- 
bated in the complete medium without substrate. ATP, or caleium for 15 min 
The substrate, ATP, and 0.9 umoles of calcium (86,200 epm) were then added 
and the incubation continued for 10 min. 


the uptake of caletum. Antimycin A is believed to inhibit the electron transport 
chain between cytochrome b and cytochrome c,7!~** whereas BAL inhibits “Slater’s 
factor,”’ which is in the same section of the electron transport chain.24 Dicumarol, 
besides uncoupling phosphorylation, is believed to inhibit quinone reductase™: * 
which places its effect in a region near that of antimycin A and BAL. It seems 
unlikely that the uncoupling effect of dicumarol is responsible for its inhibition of 
calcium uptake, because other inhibitors of oxidative phosphorylation, such as 
dinitrophenol, sodium azide, and oligomycin A, are without effect. Warfarin, 
unlike dicumarol, has no effect on either quinone reductase” or on calcium uptake. 
These results suggest that some component of the electron transport chain between 
coenzyme Q and cytochrome oxidase must be in the reduced form to support cal- 
cium uptake, since oxidizable substrate is required. Malonate showed some 
inhibition; this was not surprising for succinate was furnished as a substrate. 
p-Chloromercuribenzoate at a concentration of 10-° 1, and 10~-* M phloridzin 
were about equally inhibitory, whereas 10~* MW iodoacetate was without effect. 


TABLE 4 
Tue Errect oF Merasouic INHIBITORS ON CaLcIuM Uptake BY MrrocHoNnpRIA* 
Mitochondrial calcium, 
Addition epm 
None 94,500 
Sodium azide, 10~* M 91,000 
Sodium cyanide, 10~* M 93 , 500 
Dinitrophenol, 2 x 10->M 93 , 500 
p-Chloromercuribenzoate, 1075 M/ 13,350 
Iodoacetate, 10-4 WV 94,000 
Phloridzin, 10-* M 11,150 
Oligomycin, 10~* M 93,500 
Malonate, 0.01 M/ 36,5 
Antimyein A, 1077 M 
Dicumarol, 7 * 107° M 
2,.3-Dimereaptopropanol (BAL), 107% V/ 
Warfarin, 7 X 107° M 91,000 
* Mitochondria were incubated with inhibitor 10 umoles POs. pH 7.4; 300 
pwmoles sucrose 10 wmoles KCl; 0.08 wpmoles cytochrome ce; 45 umoles succinate 
and 20 umoles MgClein 3 ml for 10 min, at which time 6 wmoles ATP, and 0.9 umoles 
Ca”-Ca* were added After 10 min the mitochondria were analyzed for Ca* as 
described in the text. 


The relationship between uptake of calctum by mitochondria and calcium trans- 
port in intact cells is not clear. However, the mitochondrial membrane system 
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may serve as a model in the investigation of calcium transport mechanisms. Ap- 
parently vitamin D and parathyroid hormone do not affect the uptake process, but 
evidence will be presented elsewhere to show that they dramatically influence the 
release of calcium from mitochondria. 

Summary.—Rat kidney mitochondria take up large quantities of calcium by a 
process requiring ATP, magnesium ions, and an oxidizable substrate. Although 
the process requires ATP, it is not directly dependent upon oxidative phosphoryla- 
tion or upon the operation of the entire electron transport chain. The rate of 
calcium uptake is not enhanced by vitamin D. It is inhibited strongly by di- 
cumarol, antimycin A and 2,3-dimercaptopropanol and less strongly by phloridzin 
and p-chloromercuribenzoate, but not by dinitrophenol, azide, cyanide, oligo- 


mycin, and iodoacetate at the concentrations tested. The mitochondria apparently 


ean bind about 15 calcium ions per molecule of ATP utilized. 


* Published with the approval of the Director of the Wisconsin Agricultural Experiment Sta- 
tion. 

We are indebted to Professor Harry Steenbock for valuable consultations, to the Wisconsin 
Alumni Research Foundation for financial support, and to Helen Frank and Dennis Drescher for 
technical assistance. 

We wish to acknowledge our indebtedness to Merck Sharp and Dohme Research Laboratories, 
Rahway, New Jersey, for the crystalline vitamins. 
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STRUCTURAL DIFFERENCES AMONG ANTIBODIES OF DIFFERENT 
SPECIFICITIES* 
By G. M. Epetman,t B. Benacerrar,t Z. Ovary,t ano M. D. Pouttk$ 
THE ROCKEFELLER INSTITUTE, NEW YORK UNIVERSITY, AND THE AMERICAN RED CROSS 
Communicated by Theodore Shedlovsky, September 16, 1961 


Both the variety of specific serological reactions, and the chemical heterogeneity 
of the immune globulins suggest that differences in the specificity of antibodies are 
accompanied by appropriate differences in molecular structure. Speculation on 
the nature of relevant structural differences has led to two alternative assumptions: 
either antibody molecules of different specificity have identical primary structure 
and are folded differently,' or these antibody molecules have different amino acid 
sequences.” Up to the present, however, antibodies of the same size class but of 
different specificity have not conclusively been shown to differ significantly from 
each other, or from nonspecific y-globulin, in any pertinent structural character- 
istic. 

Recently, it has been found* 4 that y-globulin molecules consist of several poly- 
peptide chains that may be dissociated by cleavage of disulfide bonds. The possi- 
bility arose that this structural feature might be related to immunologic specificity. 
If this were so, the dissociated chains of different antibodies might show different 
patterns when appropriately separated. Starch gel electrophoresis in urea of 
reduced alkylated derivatives of y-globulin‘ and purified antibodies was employed 
to investigate this possibility. 

In this study, the guinea pig was chosen as a source of antibodies. This animal 
species could be immunized conveniently, and guinea pig y-globulin, unlike rabbit 
y-globulin,‘ could be easily dissociated by reduction. Antibodies from single 
animals were studied, in order to avoid the heterogeneity that might have resulted 


from pooling antisera. A number of antibodies directed against artificial haptens, 


and some antibodies specific for protein antigens, were compared by means of starch 
gel electrophoresis both before and after reduction and alkylation. Distinct 
differences were found in the electrophoretic patterns of reduced and alkylated 
specifically purified antibodies that were directed against different antigens. 

Materials and Methods.—(a) Animals: (Guinea pigs of either sex and of heterologous stock, 
each weighing 500 gm or more were used. Pre-immunization bleedings were taken in order to 
compare the total y-globulin with specific antibody. 

(b) Antigens: The following immunizing antigens were used: (1) Pieryl-guinea pig albumin 
(Pic-GPA), preparations I, II, and III, with 28, 12, and 43 haptenic groups/mole of protein, 
respectively. (2) Picryl-ovalbumin (Pic-Ova), 15 groups/mole. (3) 2,4-dinitrophenyl-bovine 
y-globulin (DNP-BGG), 7 groups/mole. (4) para-toluenesulfonyl-ovalbumin, (Tosyl-Ova), 22 
groups/mole. (5) para-toluenesulfonyl-guinea pig albumin (Tosyl-GPA). (6) para-arsanilic- 
diazo-guinea pig albumin (As-GPA). (7) para-arsanilic diazo-bovine serum albumin, (As-BSA). 
(Antigens 5, 6, and 7 were not assayed for the number of haptenic groups conjugated to each 
mole of protein.) (8) Ovalbumin (Ova), 2 X recrystallized, Worthington Biochemical Corp., 
Freehold, N. J. (9) Bovine serum albumin (BSA), Armour Pharmaceutical Co., Kankakee, 
Illinois. 

(c) Other proteins: Guinea pig albumin was prepared from pooled sera, and guinea pig y- 
globulin from individual sera, by zone electrophoresis on starch.’ Bovine fibrinogen was obtained 
from Armour Pharmaceutical Co., Kankakee, Illinois. Protein concentrations of the y-globulins 
were determined by the modified Folin-Ciocalteu method.® 
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d) Immunization: The antigens were prepared by emulsifying their solutions with an equal 
volume of complete Difco adjuvants containing Mycobacterium butyricum. They were injected 
initially in doses ranging from 0.4 mg to 4.0 mg distributed in 0.1 ml volumes in the four foot pads. 
One week to 10 davs later, the antigens were injected as 0.19% solutions in 0.15 N saline intra- 
dermally at four sites, 0.1 ml/site. These intradermal injections were repeated every 5-7 days 
until severe Arthus reactivity was observed. The animals were killed 7 days after the last skin 
test, usually 4-6 weeks from the beginning of the immunization schedule. 

(e) Isolation of antibodies: All guinea pig sera were first decomplemented with an irrelevant 
immunological system, rabbit anti-ovalbumin and ovalbumin at equivalence, except in the case 
of the guinea pig anti-ovalbumin sera, where equivalence precipitates of rabbit anti-bovine y- 
globulin and bovine y-globulin were used. All sera were processed individually. Anti-picryl 
antibodies were precipitated with picryl-bovine fibrinogen at equivalence. Precipitates were 
washed 3 X in cold 0.15 N saline, and were then dissolved in 1-2 ml of 2 K 1073 M picryl-eamino 
eaproic acid,’ at 37°C for 30 minutes to 1 hour. 35 mg of streptomycin per ml of solution was 
added to precipitate the picryl-bovine fibrinogen according to the method of Farah et al.8 The 
supernatants were dialyzed exhaustively against water and lyophilized. Anti-dinitropheny] 
antibodies were isolated similarly except that DNP-bovine fibrinogen was used to precipitate, and 
N-DNP-et-lysine was employed to dissociate, the antigen-antibody complexes. Anti-tosyl 
antibodies were also prepared in the same way. Para-toluenesulfonyl-bovine fibrinogen was used 
for precipitation and para-toluenesulfonyl-eamino caproic acid,’ was the dissociating agent. 
Anti-ovalbumin and anti-BSA antibodies were isolated according to the method of Singer et al.® 
Anti-arsanilic acid antibodies were isolated using para-arsanilic-diazo-bovine fibrinogen which had 
been treated with picryl chloride subsequent to diazotization in order to render it precipitable by 
streptomycin. After routine washing of the precipitates, the antibodies were dissociated in two 
different ways. The soluble hapten, mono-( p-azobenzenearsonic acid )-chloroacetyltyrosine (kindly 
supplied by Dr. M. Tabachnick, Mt. Sinai Hospital, N. Y.) was used to dissociate, and strepto- 
mycin to precipitate, the fibrinogen conjugate. Alternatively, dilute HeSO, solution was added 
to bring the pH to 2.4. Under these conditions, the antigen-antibody complex dissociated, and 
the fibrinogen conjugate remained insoluble. 

(f{) Reduction and alkylation: Because of the relatively small amounts of antibody available, a 
procedure modified from that previously described‘ was adopted. 1 to 1.5 per cent solutions of 
purified antibodies, or of y-globulin, were made in 8 M urea, or in 8 M urea brought to pH 8.0 
with small amounts of 1 M tris-(hydroxymethyl)-aminomethane buffer. Aliquots of 0.2 ml of the 
protein solutions were made 0.1 M in 8-mereaptoethanol, and after 2 hours at room temperature, 
12 mg of recrystallized iodoacetamide was added to each sample. After 15 minutes at room 
temperature, the samples were applied to the origin of the starch gel. Previous experiments indi- 
cated that the results were comparable to those obtained when the reduced alkylated samples 
were dialyzed before electrophoresis, provided that the samples were not allowed to stand longer 
than a few hours after addition of the iodoacetamide. 

(g) Starch gel electrophoresis in formate buffer prepared with 8 M urea was performed as previ- 
ously described.‘ All samples compared on a given gel were treated identically and simultane- 
ously, unless otherwise specified. 

(h) Ultracentrifugation was done using a Spinco model E ultracentrifuge with phase plate 
schleiren optics, and automatic temperature control. Molecular weights were measured in 6 M 
urea made 0.2 M in KCl, employing high speed equilibrium ultracentrifugation.” The partial 
specific volume of guinea pig y-globulin was assumed to be 0.74. 


Results—Pooled or individual reduced alkylated guinea pig y-globulin yielded 
an electrophoretic pattern consisting of a slow-moving band and a fast diffuse zone. 


The pattern closely resembled that previously described‘ for similarly treated 
human y-globulin. In marked contrast, the patterns of reduced alkylated anti- 


bodies showed well-defined bands throughout. 

In Figure 1, the patterns of pre-immunization y-globulins and anti-dinitropheny] 
antibodies are compared before and after reduction and alkylation. The un- 
treated antibody preparations could be distinguished from the untreated y-glob- 
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ulins only by their slightly different mobility. Reduced alkylated anti-dinitro- 
phenyl antibodies yielded patterns consisting of four bands. The slowest band 
corresponded with that of reduced alkylated y-globulin, and the remaining bands 
were distributed within the range of mobility defined by the fast diffuse zone of the 
treated y-globulin. As illustrated in Figure 1, anti-dinitrophenyl antibodies from 
two different guinea pigs yielded similar patterns after dissociation. A total of 8 
preparations from single animals were examined, and with two exceptions for which 
the bands were more diffuse, the patterns were nearly identical. In addition, a 
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Fig. 1—Comparison of guinea pig y-globulin and anti-DNP antibodies 

before and after reduction and alkvlation. 

(1) Pre-immunization y-globulin (animal ZO-4). 

(2) Pre-immunization y-globulin (animal ZO-4), reduced and alkylated 

(3) Anti-DNP antibody (animal ZO-4), reduced and alkylated. 

(4) Anti-DNP antibody (animal ZO-4). 

(5) Pre-immunization y-globulin (animal ZO-5). 

(6) Pre-immunization y-globulin (animal ZO-5), reduced and alkylated 

(7) Anti-DNP antibody (animal ZO-5), reduced and alkylated. 

(8) Anti-DNP antibody (animal ZO-5). 


pool of anti-dinitrophenyl antibodies from four guinea pigs was reduced and 
alkylated and gave a pattern similar to those of individual specimens. 

teduced alkylated anti-picryl antibodies from picryl-GPA sera gave two kinds of 
pattern. One, consisting of four bands (Fig. 2, f), was barely distinguishable from 
that of anti-dinitrophenyl antibodies. The other pattern contained two addi- 
tional fast-moving bands (Fig. 2, e, h). Of 8 anti-picryl antibody samples from 
individual picryl-GPA sera, 5 yielded 4-banded and 3 yielded 6-banded patterns. 
Three other samples from picryl-GPA sera showed more diffuse patterns, in which 
the bands were only faintly discernible. All of the samples obtained from four 
individual picryl-Ova sera yielded the 4-banded patterns. The patterns obtained 
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with most antibodies against tosyl-GPA were very similar to the patterns obtained 
with anti-DNP and anti-picryl antibodies, although slight differences were observed 
in the spacing of the bands. 

Distinct differences were observed when reduced alkylated antibodies against 


certain dissimilar haptens or against protein antigens were compared in a similar 


fashion. Thus, anti-arsanilic acid antibodies from an As-BSA serum yielded a 
pattern that differed from those of anti-DNP and anti-picryl antibodies (Fig. 2, g). 
Anti-arsanilic acid antibodies from different animals showed more variable patterns 
after reduction and alkylation than did the anti-DNP or anti-picryl systems. Re- 


SAMPLE REDUCED and SPECIFICITY IMMUNIZING 
ALKYLATED ANTIGEN 





__¥-Globulin NO 
(animal ZO-2) 


_¥-Globulin YES 
(animal ZO-2) 

_ Antibody Anti-DNP DNP -BGG 
(animal ZO-2) 

_Antibody Anti -DNP DNP-BGG 
(animal ZO- 2) 


_ Antibody Anti-Picryl Pic -GPA 


(animal S-!) 


_ Antibody Anti-Picryl 
(animal 102) 


___ Antibody Anti-Arsanilic 
(animal 48) Acid 


___ Antibody Anti- Picry! Pic -GPA 
(animal 103) 


_ Antibody Anti -Ova 
(animal 66) 


___ Antibody : Anti- Ova 
(anima! 57) 


A 
Origin ae ~ <3 A a 
DIRECTION OF MIGRATION 
Fig. 2.—Three electrophoretic experiments comparing reduced alkylated antibodies of various 
specificities. a-e, exp. 1; f—g, exp. 2; h-j, exp. 3. 


duced alkylated anti-arsanilic acid antibodies from 4 As-BSA sera showed one fast 
band preceded by a diffuse zone and those from 4 As-GPA sera showed 1 to 3 fast- 
moving bands. Similarly, antibodies directed against protein antigens showed 
band patterns that were slightly variable and somewhat diffuse (Fig. 2, 7, 7). 
Nevertheless, these patterns could still be distinguished from the more diffuse 
patterns of reduced alkylated nonspecific y-globulin. 

Further illustration of the differences in the starch gel of reduced alkylated anti- 
bodies of different specificity is given in Figure 3. The over-all similarity of the 
patterns of anti-DNP and anti-picryl antibodies is in contrast to the different pat- 
terns given by one particular anti-tosyl antibody preparation from tosyl-Ova 
serum and by two different anti-ovalbumin antibodies. Reduced alkylated anti- 
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BSA and anti-arsanilic acid antibodies isolated separately from the serum of the 
same animal immunized with As-BSA gave different patterns (Fig. 3). 
Following specific isolation of the antibodies, the residual y-globulins in the 
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Patterns of reduced alkylated antibodies of different specifi- 
cities from the same and from different animals. 
Guinea pig y-globulins. 
Anti-DNP antibodies (animal ZO-7). 
Anti-picry! antibodies from picryl-GPA serum (animal 5511 
Anti-tosy! antibodies, from tosyl-Ova serum (animal 4872). 
Anti-ovalbumin antibodies (animal 67). 
Anti-ovalbumin antibodies (animal 61 
Anti-BSA antibodies, from As-BSA serum (animal 48). 
Anti-arsanilic acid antibodies, from As-BSA serum (animal 48 
Samples 1-5 reduced and alkylated at 1.5% protein concen- 
tration. 
Samples 6-8 were similarly treated at a concentration of 


the main slow bands, appear to represent partially dissociated 
material the amount of which was smaller the greater the degree 
of reduction. The main band patterns, however, did not change 
with the degree of reduction. 


supernatants of several antisera were electrophoretically isolated and reduced and 
alkylated. Their patterns on the starch gel resembled those of reduced nonspecific 
y-globulin, although in most instances, a faint band just preceding the slow band 
was superimposed on the diffuse zone. This band, which was never seen in the 
reduced alkylated pre-immunization y-globulins, may have been due to the presence 


of unabsorbed ‘specific antibodies, 
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Most of the anti-hapten antibodies examined in this study were reduced and 
alkylated in the presence of a small amount of residual hapten, the last traces of 
which could not be removed by dialysis. The hapten conceivably might have 
caused the appearance of a banded pattern. Consequently, normal guinea pig y- 
globulin was reduced in the presence of each of the haptens in the concentrations 
used to effect dissociation in order to determine whether a banded rather than a 


fast diffuse zone would result. Only diffuse zones were observed, although high 
concentrations of hapten tended to increase the amount of aggregated material 
resulting after reduction and alkylation. Furthermore, discrete band patterns 
were obtained from reduced alkylated anti-arsanilic acid antibodies and anti- 
protein antibodies that were isolated by acid dissociation in the absence of free 


hapten. As an additional control of the materials used in isolating the antibodies, 
variously conjugated fibrinogen samples were reduced and alkylated but failed to 
vield material that would enter the starch gel. 

Starch gel electrophoresis of the antibody preparations prior to reduction and 
alkylation suggested that they consisted mainly of 78 globulin, since the zones 
corresponded to those of known 78 y-globulins. Ultracentrifugal examination of 
one anti-picryl and one anti-tosyl antibody preparation in 1% solutions showed no 
19S material, although a small amount of 9-115 aggregate was present in addition 
to the major 78 component. <A purified anti-picryl antibody preparation from a 
single animal contained material with an apparent weight average molecular weight 
no smaller than 160,000. After reduction and alkylation following the procedure 
used in this study, this sample was composed of material with an apparent weight 
average molecular weight of 45,000 and upwards, confirming the indication by the 
starch gel pattern that dissociation had occurred. Similar results were obtained 
with whole guinea pig y-globulin. 

Discussion.—The present investigation provides experimental evidence of struc- 
tural differences between specific antibodies and whole y-globulin as well as among 
certain antibodies of different specificity. These differences appeared after dis- 
sociation of the antibodies into their polypeptide chains which were then partially 
separated by means of starch gel electrophoresis in 8. urea. Some physico- 
chemical properties of the dissociated chains of human and rabbit y-globulin have 
been correlated with their behavior on starch gel electrophoresis in a previous study.‘ 
Guinea pig y-globulin which can be dissociated by cleavage of disulfide bonds 
resembled dissociated human y-globulin in its electrophoretic behavior on starch 
gels after reduction and alkylation. The data obtained in this study extend these 
observations to the dissociation of specific guinea pig antibodies. 

Both normal heterogeneous y-globulin and specifically isolated antibodies pos- 
sessed slow bands of similar mobility! after reduction and alkylation. Instead of 
the diffuse fast zone shown by dissociated y-globulin, dissociated specific anti- 
bodies exhibited well-demarcated fast bands within the range of mobility defined by 
this zone. 

The appearance of a slow band of similar mobility in antibody and whole y- 
globulin fractions suggests that y-globulins possess one or more chains which are 
similar or identical from molecule to molecule. The material represented by this 
band had, in the case of reduced alkylated human y-globulin, higher molecular 
weight than material present in the fast diffuse zone.‘ Thus, the latter material 
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contained subunits of lower molecular weight which varied widely in their dis- 
tribution on the starch gel. In the light of the present observations, the diversity 
and heterogeneity of normal y-globulin appears to be related to the large variety of 
chains of which any particular y-globulin molecule might be composed. 

In contrast to this continuous heterogeneity, dissociated antibodies of different 
specificities revealed discrete, reproducible electrophoretic patterns, which differed 
in the number as well as in the over-all distribution of their bands. Two highly 
cross-reactive antibody systems, directed against picryl and dinitrophenyl groups, 
yielded similar patterns. In the majority of cases, antibodies from different animals 
but of similar specificity possessed patterns that were alike. Variations were 
found, however, particularly among the anti-arsanilic acid and anti-protein anti- 
bodies. The variation seen among antibodies of similar specificity from different 
animals may be genetic in origin, perhaps of the kind described by Oudin.” In 
addition, these differences from animal to animal may represent differences in 
specificity of the isolated antibodies. It would be expected that application of 
detailed criteria of immunologic specificity to the intact molecules would detect 
finer differences among antibodies of a particular kind than the methods employed 
in this study. The influence of the type of protein carrier and degree of conjugation 
of the hapten to the carrier on the types of antibodies produced requires further 
definition, although no simple relationship between these factors and the starch gel 
patterns could be discerned when these parameters were investigated using the 
picryl system. 

The remarkable resemblance of the sharply defined patterns of reduced alkylated 
purified antibodies to those of reduced alkylated multiple myeloma globulins*: 
possibly suggests an additional! structural relationship between these abnormal 
proteins and the immune globulins. 

The differences in the electrophoretic patterns of dissociated specific antibodies 
did not appear to result factitiously from the presence of the hapten during reduc- 
tion and alkylation. Nor did the observed differences appear to be related to 
differences from sample to sample in high molecular weight (19S) antibodies. The 
data suggest that antibodies of different specificity consist of different types of 
polypeptide chains, although certain chains may be common to all the antibody 
molecules of a given animal. Whether the differences in electrophoretic mobility 
and pattern on the starch gel reflect differences in amino acid sequence or in folding 
cannot be decided from the present evidence. It seems likely, however, that the 
different chains will be found to have different amino acid compositions since 
separation of the extensively denatured derivatives was done in 8 MW urea which 
would favor maintenance of the unfolded configuration. The possibility that 
association-dissociation interactions may occur among the subunits, even in 8 M 
urea, precludes the interpretation at present that a given band represents a single 
polypeptide chain.'* Isolation and characterization of the chains should help 
to resolve this problem. 

A related problem raised by the findings is whether the antibody combining site 
is contained within one of the subunits represented by the fast-moving bands. In 


this case, the multiplicity of bands observed in the electrophoretic patterns would 


reflect slight variations in the specificity of different antibody molecules produced 
against a given antigenic structure. Alternatively, the combining site may be 
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contributed to by the spatial arrangement of several chains. In either case, the 
bivalency of 78 antibody would seem to be most reasonably explained by a duplica- 
tion of the relevant polypeptide chains in the molecule. 

Summary.—Specifically isolated guinea pig antibodies that were reduced and 
alkylated, and then subjected to starch gel electrophoresis to separate their sub- 
units yielded distinct and reproducible patterns that differed for antibodies of 
different specificities. Anti-hapten antibodies of similar specificity from a number 
of different animals possessed similar electrophoretic patterns. The patterns of 
reduced alkylated whole y-globulins, although similar in some respects to those of 
antibodies, characteristically showed diffuse zones rather than sharp bands. 

* This work was supported by the U. 8. Public Health Service (grants E-2094 and A-4256) and 
by the Health Research Council of the City of New York (under contracts I-138 and I-140). 
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CHEMICAL STUDIES OF SEVERAL VARIETIES OF HB M* 
By P.S. GeRALD AND M. L. Erron 
CHILDREN S HOSPITAL MEDICAL CENTER AND HARVARD MEDICAL SCHOOL, BOSTON 
Communicated by J. L. Oncley, Septe mber 18, 1961 

Recent studies employing the methods of X-ray crystallography have made 
available a rather detailed picture of the three-dimensional arrangement (the 
conformation) of the protein chains of sperm whale myoglobin! ? and of horse 
hemoglobin.* The similarity of the conformation of the two different protein 
chains present in horse hemoglobin to each other and to the single chain of myo- 
globin has been stressed.* While comparable X-ray crystallographic data are not 


available for human adult hemoglobin, the amino acid sequence in this protein is 
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largely known, and strikingly parallel amino acid sequences have been found in 
the two different protein chains present in this molecule. These many similarities 


have led to an attempt, at least partially successful, to match the amino acid 


residues of the individual human hemoglobin chains to those of the single myo- 
globin chain. In the present preliminary report, indirect evidence from the 
chemical analysis of several abnormal human hemoglobins is given which sub- 
stantiates both the validity of ‘‘matching” the amino acid residues of human 
hemoglobin to those of sperm whale myoglobin and the implicit expectation that 
the myoglobin model may be used to predict the conformation of the individual 
chains of human hemoglobin. 

The hemoglobins which will be described are all members of the group of ab- 
normal human hemoglobins known as the hemoglobins M (Hbs M).® These 
particular hemoglobins have in common several unique characteristics which 
serve to distinguish them from the other abnormal hemoglobins. (1) Their 
presence (in the heterozygote) is associated with chronic cyanosis, due to the 
occurrence of methemoglobinemia, which is inherited as a dominant character. 
(2) The Hbs M are poorly, or not at all, separable electrophoretically from normal 
adult hemoglobin (Hb A) unless the hemolyzate has been previously treated with 
oxidizing agents to convert the hemoglobins to the methemoglobin form. (3) 
Finally, and most significantly, the isolated methemoglobins M all differ from 
methemoglobin A in the spectral absorption curves of the acid methemoglobin form. 

Methods and Materials.—Isolation of the hemoglobins: Whole blood specimens from individuals 
heterozygous for the different varieties of Hb M were obtained, and the red cells were washed 
with 0.85% saline and hemolyzed by the addition of distilled water and toluene. The hemo- 
globins present in the hemolyzate were converted to methemoglobin (ferrihemoglobin) by the 
addition of potassium ferricyanide (1 part of 5% potassium ferricyanide to 6 parts of hemolyzate). 
The oxidized hemolyzate was subjected to starch block electrophoresis at 8-10°C, using a sodium 
phosphate buffer (u 0.10, pH 7.0-7.1); evaporation from the block during electrophoresis was 
inhibited by application of a thin plastic sheet to the surface.?. The Hb A and Hb M pigments 
so separated were eluted individually with veronal buffer (u 0.05, pH 8.5-8.6). The eluates 
were dialyzed overnight against the same veronal buffer to free them of phosphate ions. The 
hemoglobins were then quantitatively precipitated by the addition of zine acetate solution (final 
concentration of zinc, 20 mM/L). The precipitates were compacted by centrifugation (25,000 
g, 5 min) and the supernatant discarded. A concentrated hemoglobin solution (10-20 mg/ml) 
was prepared by dissolving the precipitate in a limited volume of 10°% ethylenediamine tetra- 
acetate solution which had been adjusted to pH 8.6 with sodium hydroxide. Diffusible material 
was removed by dialysis against dilute sodium phosphate buffer (pH 7.0, 0.001 7) for three days, 
with replacement of buffer every 24 hr. 

Determination of the hemoglobin concentration: For those varieties of Hb M which form a 
spectroscopically normal cyanmethemoglobin, the hemoglobin concentration was determined 
from the O.D. of that derivative at 540 mu (using a Beckman DU Spectrophotometer), assuming 
an O.D. (1 em light path) of 0.597 to equal 1 mg of hemoglobin /ml. 

For those varieties of Hb M which do not have a normal cyanmethemoglobin spectrum, the 
protein concentration was crudely estimated from the O.D. of the methemoglobin form in M/15 
sodium phosphate at pH 6.5. In this case, the extinction coefficient of the methemoglobin M 
was assumed to be comparable to that of methemoglobin A.’ 

Tryptic digestion: The technique outlined by Ingram’ was used for this step. The hemo- 
globin solution (diluted to 10 mg/ml) was heat-denatured (90°C) at pH 8 for five min. Trypsin 
(TCA-precipitated trypsin, Worthington Biochemical Corporation) was added in the weight ratio 
of | part trypsin (uncorrected for salt content) to 100 parts of protein. Digestion was allowed 
to proceed for 90 min at 37°C, the pH being maintained at 8.0 by use of a Radiometer pH-stat. 
After digestion, the pH was adjusted to 6.5 with 1 NV HCl and the digest stored in the frozen 





1760 BIOCHEMISTRY: GERALD AND EFRON Proc. N. A. 8S. 


state. Any precipitate appearing during storage was removed by centrifugation and discarded. 
Separation of the peptides was achieved by high- 


Separation and isolation of the peptides: 
The electrophoresis 


voltage paper electrophoresis with or without subsequent chromatography. 
was carried out with a cooled-plate type of apparatus (dimensions 24” X 16”), on a 101/2 
strip of Whatman 3 mm filter paper, using pyridine-acetic acid buffers. Chromatography in the 
second dimension (‘fingerprinting’) was performed with the recently introduced pyridine— 
The peptides were located by staining with ninhydrin or with 
Peptides 


” wide 


isoamy] aleohol—water solvent.° 
reagents specific for certain amino acids (arginine, histidine, tyrosine, tryptophan). 
for analysis were located by staining ‘‘fingerprints’’ with dilute ninhydrin (0.025%) or by staining 
The portion of the filter paper containing the peptide 
The solution was 
After hydrolysis, 


the margins of one-dimensional ionograms. 
was cut out and the peptide was eluted with a limited volume of 6 N HCl. 
incubated at 110°C for 16 hr in a sealed test tube under a nitrogen atmosphere. 
the hydrochloric acid was removed by evaporation in a vacuum desiccator containing beakers 
with concentrated H»SO, and solid NaOH. 

The dried hydrolyzates were quantitatively analyzed wherever possible 
When the amount of peptide was small (less 


Amine acid analysis: 
with a Spinco automatic amino acid analyzer. 
than 0.02 uM), semiquantitative analysis was achieved by high-voltage electrophoresis (pH 1.9) 
followed by photodensitometric estimation of the ninhydrin-stained amino acids." 
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Fic. la.—-Schematic representation of the one- 
dimensional electrophoretic patterns (pH 6.5) of 
tryptic digests of Hb A and Hb Mg, after staining 
with ninhydrin (20a@ and 21a are yellow in color, 
208 and 218 are purple). The abnormal peptides 
analogues of the missing 21a and 20a) of Hb Mz 
are obscured at this pH by the overlapping nor 
mal peptides. 


Re sults. 
properties of this hemoglobin, obtained 
have been described in detail elsewhere.’ 


Hb M, Boston type (Hb Mz): 


Hb Mg 


Fic. 1b.—Schematic representation of the one- 
dimensional electrophoretic patterns (pH 6.5) of 
tryptic digests of Hb A and Hb Msg, after staining 
with ninhydrin. An abnormal peptide, the ana- 
logue of 218, is present in the Mg pattern just in 
advance of the 20a band. The abnormal peptide, 
which is the analogue of the missing 208, is ob- 
scured at this pH by an overlapping normal 
peptide. 


The spectroscopic and electrophoretic 
from a patient with German ancestry, 
The Hb Mg used in the present study 


was isolated from the blood of a sibling of the original patient. 

On one-dimensional electrophoresis at pH 6.5 (Fig. la), the tryptic digests of 
Hb Mz, were found to lack a portion of the peptides normally occurring in the 
bands designated as 20 and 21 (Ingram’s numbering system’). These regions of 
the Hb A pattern are known to contain peptides that are derived from both of the 
protein chains of Hb A (the a-chain and the B-chain).? The #20 and #21 bands 
both contain two peptides, which can be distinguished by their difference in color 
after treatment of the paper with ninhydrin (Fig. la), the more rapidly migrating 
peptide in each band being vellow, the slower giving the usual purple color. The 
#20 bands can be sufficiently separated by prolonged electrophoresis to permit 
determination of the amino acid composition of the individual peptides. From 
these results and the published composition of the soluble tryptic peptides of 
Hb A* ' the portions of the hemoglobin chains that the #20 peptides represent can 
be unequivocally deduced (lig. 2). The #21 peptides cannot be separated, but 
from quantitative analysis of the entire band, as well as other indirect evidence, 
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Fic. 2.—Partial sequence of the a and 8-chains of human adult hemoglobin 
(Hb A).*. !2. The brackets indicate the individual tryptic peptides and their 
designation according to Ingram’s numbering system.’ A new nomenclature 
scheme for the tryptic peptides has been recently proposed.™ The equivalent 
designation in the new system is as follows (where the new designation is 
given in brackets): 20a(aTpVII); 2la(aTpVI, VIII); 3(aTpIX); 208(8Tp- 
VII); 218(6TpVII, VIII); 6(8TpIX). 


it is certain that they represent the sequences indicated in Figure 2. (These 


results agree with Dr. Corrado Baglioni’s studies of the same peptides. !*) 

Irom the electrophoretic pattern depicted in Figure la, it is evident that Hb Mz 
lacks the normal peptides 20a@ and 2la. It would be expected from the findings 
with other abnormal hemoglobins that two new peptides, representing the altered 
forms of the missing normal peptides, should be demonstrable. The expected 
abnormal peptides could not be separated at pH 6.5 but could be demonstrated on 
“fingerprints” in which the electrophoretic separation had been carried out at 
pH 5.4 (Fig. 3). Under these conditions, the new peptides (designated 20a’ and 
21a’) appear as discrete spots. (Except for the presence of these two new “‘spots,”’ 
this “fingerprint” did not appear to differ from that of Hb A.) Like the normal 
peptides of which they were the homologues, the abnormal peptides stained yellow 
with ninhydrin (consistent with an N-terminal glyecyl residue). The reactions of 
both abnormal peptides with specific staining reagents were identical and they 
indicated the presence of tyrosine and the absence of histidine. 

These results are consistent with the substitution of tyrosine (in Hb Mg) for the 
histidine normally occurring in the 20a (and 21a) peptide. This was corroborated 
by quantitative analysis of the isolated 2la’ peptide, whose composition agreed 
with the formula (Glys, Tyr, Lys) Lys. (The tyrosine was largely destroyed during 
acid hydrolysis, and the presence of one residue of this amino acid was deduced 
from the staining reactions of the peptide.) Peptide 20a’ was not successfully 


Chromatography 


Electrophoresis 
Fig. 3.—-Tracing of a ninhydrin-stained ‘‘fingerprint”’ (electrophoresis at pH 5.4) of the 
tryptic digest of Hb Mg. The two abnormal peptides are indicated. 
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isolated in the pure state, but the proportions of glycine and lysine were consistent 
with the composition (Gly2, Tyr) Lys. 
Except for the unlikely event of a concurrent inversion or other rearrangement of 


the amino acid sequence (no example of an abnormal hemoglobin with an inverted 


or otherwise rearranged amino acid sequence has yet been found), these results 
indicate that Hb M, differs from Hb A in the substitution of tyrosine for the histidine 
normally present at residue #58 of the a-chain. 

A second and unrelated family with hereditary (dominantly transmitted) c¢yano- 
sis! due to the presence of Hb Mg, has now been identified in Sweden. In all 
particulars studied (electrophoresis, spectroscopy, “fingerprinting” of tryptic 
digests, composition of the 21a’ peptide), the abnormal hemoglobin isolated from a 
member of this second family has been found to be identical with Hb Mg. In ad- 
dition, peptide 20a’ was isolated in good purity and gave the predicted composition. 
The proof that this hemoglobin is abnormal in the a-chain is of particular interest 
in this family. According to the original investigators,'* several newborn infants 
in this family have been cyanotic and their hemolyzate has been found to exhibit 
a degree of spectroscopic abnormality comparable to that of the adults with this 
sume disorder. Since these newborns presumably possessed the large amount of 
fetal hemoglobin characteristic of this age group, this is evidence for the presence 
of the spectroscopic and hence biochemical abnormality of Hb Mz, in the fetal 
hemoglobin. It is now believed that the a-chains present in Hb F (ay2) and Hb A 
(a3) are chemically identical.'> The foregoing findings are consistent with this, 
and further suggest that the same a-chain genes govern the synthesis of the a-chains 
present in both Hb A and Hb F, in agreement with results obtained from studies 
of newborns with another a-chain variant. !® 

Hb M, Saskatoon type (Hb Ms): This member of the Hb M group was initially 
isolated from a family living in Canada.” Following completion of the spectro- 
scopic studies, specimens of the isolated hemoglobins from these individuals were 
stored in the frozen state. Chemical studies of this frozen material have recently 
been performed in conjunction with the examination of a second and unrelated 
family from Georgia with a similar clinical syndrome.'* The abnormal hemoglobin 
from these two families is judged to be identical on the basis of electrophoretic 
and spectroscopic characteristics and from the results of “fingerprinting” and amino 
acid analysis of the abnormal peptides. 

The majority of the chemical studies, especially the amino acid composition of 
peptides, was performed on Hb Msg isolated from two members (mother and child) 
of the Georgia family. (The abnormal hemoglobin from this family has on other 
occasions also been referred to as Hb M, Emory type (Hb Mz).°) 

The one-dimensional electrophoretic pattern at pH 6.5 of the tryptic digests of 
Hb My (Fig. 1b) was strikingly similar to, though yet significantly different from, 
the pattern obtained with Hb Mg. Inthe case of Hb Ms, the 6-chain peptide of the 
#20 group was missing. No obvious abnormality of the #21 region was detected, 
but this was attributed to the diffuseness of the 2la@ band. Two abnormal peptides 
were expected, analogous to the findings with Hb Mz,, and these were again best 
demonstrated by “fingerprints” in which the electrophoretic separation had been 
earried out at pH} 5.4. The “fingerprints” so obtained were identical to those of 
lib My, (Pig. 3), except that the abnormal peptides were not yellow in color (sug- 
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gesting that the N-terminal amino acid was not glycine). Like the case with 
Hb M4, specific staining reagents indicated the presence of ivrosine and the absence 
of histidine in both abnormal peptides. 

These results furnished preliminary evidence that Hb Msg differed from Hb A 
in the occurrence of tyrosine (and the absence of histidine) in the portion of the 
amino acid sequence of the 6-chain which is represented by peptide 208 (Fig. 2). 
In agreement with this, the results of quantitative amino acid analysis gave the 
composition (Ala, Gly, Tyr, Lys) Lys for the faster migrating abnormal peptide and 
(Ala, Gly, Tyr)Lys for the slower migrating abnormal peptide—the presence of 
one residue of tyrosine in each peptide being inferred from the staining reactions 
of the peptides. 

A third family with dominantly inherited methemoglobinemic cyanosis as- 
sociated with an abnormal hemoglobin, spectroscopically and chemically identical 
to Hb Ms, is now under investigation. This family resides in Eastern Canada 
and is not known to be related to the other two families. !* 

Hb M, Milwaukee-1 type (Hb My-:): Two unrelated families with chronic 
cyanosis due to the presence of an Hb M have been described by Pisciotta et al.?° 
One of these hemoglobins was tentatively identified in the initial report as Hb Mj; 
the second was definitely a new hemoglobin variant and was at that time desig- 
nated Hb M, Milwaukee type (Hb My). (This latter hemoglobin has on one 
occasion been erroneously referred to as Hb M, Minneapolis type.*) Further 
spectroscopic investigation made it apparent that the first of these hemoglobins 
was also a new hemoglobin variant, a conclusion confirmed by the chemical studies 
which are described in the following section. These two hemoglobins are, there- 
fore, herein renamed: that hemoglobin previously designated as Hb M, Milwaukee 
type, is now called Hb M, Milwaukee-1 type (Hb My-1); and that which was 
once assumed to be Hb Mg is now called Hb M, Milwaukee-2 type (Hb My,-»). 

The chemical studies of Hb Myy-; were performed upon material isolated from a 
member (Case 1A) of the original family.””. On “fingerprinting” the trvptic digests 
of Hb Mayy-1 (electrophoresis at pH 6.5), the normal ‘‘neutral band’”’ peptide #6 
was found to be missing and a new histidine positive peptide was observed slightly 
anodic to the normal #6 position (lig. 4). The new peptide was isolated in a 
relatively pure state after one-dimensional electrophoresis at pH 5.4 (under which 
condition it occurred as a discrete band just anodic to the origin). Quantitative 
amino acid analysis of acid hvdrolyzates of this band gave a composition similar to 
that published for the peptide #6 of Hb A,* * except for the absence of valine and 
for the presence of one residue of glutamic acid or glutamine (which is converted 
to glutamic acid on acid hydrolysis). Since replacement of valine by glutamic 
acid would account for the anodic mobility of the new peptide, while replacement 
with the amide form would not, the substituent was evidently glutamic acid rather 
than glutamine. Inasmuch as onlv one valine residue occurs in peptide 46 (Fig. 2), 
this is evidence for the presence of glutamic acid instead of valine at residue #67 of 
the 6-chain (again this assumes the absence of concurrent inversions or other re- 
arrangements of amino acid order). 

Hb M, Milwaukee-2 type (Hb My-2): The patient (Case 2A of Pisciotta 
et al.*’) from whom this hemoglobin was isolated was most remarkable in that 


her hemolyzates contained two abnormal hemoglobins, the second of which had an 
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electrophoretic mobility (at pH 8.6) comparable to that of Hb C or E. No Hb A 
could be demonstrated by starch block electrophoresis. 

The two abnormal hemoglobins were isolated by starch block electrophoresis at 
pH 8.6 after conversion to the cyanmethemoglobin derivative. A small amount 
of Hb F was present, but this separated from the Hb My-2 under these conditions 
and was discarded. The “fingerprints” (electrophoresis at pH 6.5) of the C-like 
hemoglobin resembled the published patterns for Hb Ek.?! Of particular importance, 
the absence of the 6-chain peptide #26 identified this hemoglobin as a 6-chain 
variant. This hemoglobin will be described in detail elsewhere since it is the first 
reported instance of a probable Hb E in a person of Swiss ancestry. 

The Hb My. ‘fingerprints’ were remarkable only in that no abnormality 
could be found. Specifically, the alterations occurring in the four other varieties 
of Hb M herein reported were absent. This confirms the impression from the 
spectroscopic data that Hb My4,-2 differs from the other four variants described in 
the present report. 

The absence of Hb A in this patient suggests that the presumed amino acid 
alteration of Hba;-2 occurs in the 6-chain of the hemoglobin molecule. According 
to present experience, the occurrence in the same individual of both an abnormal 
a-chain gene and an abnormal 6-chain gene is associated with the presence of either 
three or four major hemoglobin components.?? If Hb My-2 were an a-chain 
variant, its occurrence simultaneously with a 6-chain variant (Hb E) should have 
been accompanied by the presence of major hemoglobin components in addition to 
the Hb My-2 and the Hb E actually observed. 

Hb M, Iwate type (Hb M,): The fifth variety of Hb M was isolated from a person 
of Japanese ancestry, whose family has been characterized for many generations by a 
dominantly inherited congenital cyanosis. ?* 
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Fic. 4.—Tracing of a ninhydrin-stained ‘fingerprint’ (electrophoresis at pH 6.5) of the tryptic 
digest of Hb My—_;. The abnormal peptide is indicated by cross-hatching. The peptide labelled 
with the numeral 3 is that which is abnormal in digests of Hb My. 


The examination of this hemoglobin has been limited by the small amount of 
material available for spectroscopy and “fingerprinting” of the isolated Hb M,. 
The amino acid alteration in this hemoglobin apparently lies in the a-chain peptide 
#3 (Fig. 4), which in this case stains positively for tyrosine (peptide #3 from Hb A 
digests is negative for tyrosine, see Fig. 2). The normal electrophoretic mobility 
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of the altered peptide #3 from Hb M, suggests that the tyrosine replaces an un- 
charged amino acid in this peptide.t 

Discussion.—Explanation of the anomalous spectroscopic and electrophoretic be- 
havior of the Hbs M: The similarity of the absorption spectra of the acid methemo- 
globin form of certain of the Hbs M to the spectrum of fluoromethemoglobin A was 
interpreted (P. George, ref. 17) as indicating that the Hb M spectra might be the 
result of a methemoglobin complex. Jn the case of the Hbs M, this would be an 
“internal complex” and the ligand complexing with the oxidized heme group would 
be derived from a reactive side chain of the amino acid sequence. In the light of 
the chemical findings with the other abnormal hemoglobins (S, C, E, ete.), it 
seemed reasonable to expect that the reactive side-chain would belong to a new 
amino acid substituent in the amino acid sequence. 

If the new reactive side chain were normally largely in the uncharged state but 
were able to complex with the oxidized heme only after ionization, then formation 
of the “internal complex’? would also explain the electrophoretic behavior, as 
schematically indicated in the following equation (for an Hb M abnormal in the 
a-chain and where Y is the new reactive side-chain) : 

x 7 
oxidation | 


(le +*----a,8----l'e +)» ——— (Fe **----a,8----Fe **)o. 


The increase in the positive charge of the hemoglobin molecule due to oxidation of 
the iron atoms is partly counterbalanced by the simultaneous ionization of the 
reactive side-chain, with a resulting net charge change of only +2 units. Normal 
hemoglobin, which lacks this reactive side-chain, exhibits a charge change of +4 
units per molecule when oxidized. Thus, hemoglobin species which were elec- 
trophoretically inseparable prior to oxidation would be easily separable after 
oxidation. 

The phenolic side-chain of tyrosine eminently satisfies these requirements (as 
was pointed out to us by P. George, prior to these chemical studies). The phenolic 
group is capable of dissociating with the formation of a negatively charged group, 
but normally does so only at an alkaline pH. At the pH used for the electro- 
phoretic separations (pH 7.0-7.1), the tyrosyl! side-chain would be uncharged unless 
ionization were promoted by the formation of a stable complex. 

Superficially, the glutamyl residue found in Hb My; would not seem to fit 
this scheme, since the carboxyl side group would be expected to be ionized at the 
pH used for the electrophoresis. This could be explained, however, if it is assumed 
that this carboxyl group is buried within the molecule and is not ionized except 
when the hemoglobin is oxidized. This possibility is now being investigated fur- 
ther. 

The formation of an internal complex would also serve to explain the chronic 
methemoglobinemic cyanosis observed clinically. Presumably, the complex is 
quite stable, and as such would resist the efforts of the erythrocyte enzyme systems 
normally responsible for maintaining the heme iron in the ferrous state. 

The _ three-dimensional conformation of the hemoglobin chains: The concept 
of an internal complex which serves so well to explain the electrophoretic, spectro- 


scopic, and clinical findings of the Hbs M imposes certain requirements on the 
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location of the reactive side-chain with respect to the heme group. The three- 
dimensional conformation of human hemoglobin has not been determined, but a 
preliminary version for horse hemoglobin is now available. The use of this latter 
molecule as a model for human hemoglobin would seem to be reasonable in view 
of the many similarities in the chemical and physical characteristics of these two 
hemoglobins (see especially, Braunitzer and Matsuda”). 

In horse hemoglobin, the hemes are located within a crevice formed by a gap 
between the folds of the individual chains. The crevices are oriented in such a way 


that the individual hemes are in contact only with the single chain whose folds 


comprise the containing crevice. If this is transposed to the case of the Hbs M, 


this argues that the new reactive side-chain can complex only with the heme be- 
longing to the same chain. 

The relation of the reactive side-chain to its heme can be hypothesized in greater 
detail by use of the current three-dimensional model of sperm whale myoglobin. ! 
Perutz ef al. have noted the remarkable similarity in spatial conformation of the 
myoglobin model to that of the individual chains of horse hemoglobin.* This 
similarity has recently been extended to the sequential arrangement of the amino 
acid residues in sperm whale myoglobin and the individual chains of human hemo- 
globin.2 On the basis of this last comparison, Watson and Kendrew have suggested 
that the histidines at residue 58 of the a-chain and at residue 63 of the 6-chain of 
human adult hemoglobin (see lig. 2) are situated immediately opposite the sixth 
coordination position of the heme iron.> If the spatial orientation of these two 
histidy! side-chains of human hemoglobin parallels that of the analogous myoglobin 
side-chain, then they would point directly toward the iron atom. A tyrosyl residue 
replacing either of these two histidyl residues (as in Hb Mg and Hb Ms) would be 
similarly oriented and would thus be physically able to reach and to complex with 
the iron atom. 

The portion of the myoglobin main chain which contains the analogous residue 
exists In the a-helical conformation, and hence the orientation of each side-chain 
adjacent to this critical residue is rotated about the axis of the helix approximately 
100° with each advance of one residue up or down the chain.!? If this same con- 
formation exists in the human hemoglobin chains, then an appropriate amino acid 
four (or perhaps three) residues removed from the aforementioned histidines 
a-58, 8-63) would have a similar spatial orientation. Its side-chain would point 
toward the iron atom and would presumably be able to form an internal complex. 
The new glutamy! residue of Hb Myy,-1 precisely fulfills these requirements, since 
it is just four residues removed from the critical histidine (see Fig. 3). For the 
sume reason, a new substituent one or two residues removed from the critical histi- 
dines would not be suitably oriented and would not be expected to confer the 
properties typical of an Hb M. In Hb Norfolk, an aspartyl residue replaces the 
glycine of residue 57 of the a-chain (see Fig. 2)'*—no anomalous electrophoretic or 
spectroscopic behavior is observed with Hb Norfolk. 

Summary.—live different varieties of abnormal hemoglobin of the so-called 
Hb M group have been examined and an amino acid sequence alteration detected 
in four. in three instances, tvrosine has been found to be the new substituent, and 
in the fourth, glutamic acid has been identified. It has been previously hypothesized 
that the anomalous spectroscopic behavior of the Hbs M could be explained by 
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assuming the existence of a new reactive side group capable of complexing with 
the heme iron. The new substituents observed all have the necessary properties 
to form such an internal complex. 

Formation of an internal complex requires that the new substituents be in 
proximity to the heme group and thus furnishes indirect evidence regarding the 
spatial orientation of a portion of the hemoglobin chains of adult human hemoglobin. 


There is remarkable agreement between the structure so deduced and the spatial 


orientation of the protein chain of sperm whale myoglobin determined by X-ray 
crvstallography. 


We are indebted to V. M. Ingram, A. O. W. Stretton, M. A. Naughton, and C. Baglioni for 
their interest and invaluable advice. E. Wake genercusly supplied the blood specimen from the 
second Canadian family with Hb Ms; H. Hansen, the specimen from the Swedish family with Hb 
Mz: 58. H. Jones, the specimen of Hb Hs from Georgia; and A. V. Pisciotta, the specimens with 
Hbs My-i1 and My». The specimen containing Hb M; was sent by A. Tamura to V. M. 
Ingram and referred to us by the latter when the presence of an Hb M was ascertained 
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COUPLING BETWEEN PHOSPHORYLATION AND FLAVIN ADENINE 
DINUCLEOTIDE REDUCTION WITH THE PYRUVATE OXIDASE OF 
L. DELBRUECKIT ENZYME 
By Lowey P. HAGER AND FRrrz LIPMANN 
THE UNIVERSITY OF ILLINOIS AND THE ROCKEFELLER INSTITUTE 
Communicated September 27, 1961 


The pyruvate oxidation system which we found many years ago in Lactobacillus 
delbrueckii (Bacillus acidificans longissimus, Lafar)! presented a singular case of 
coupling between oxidation and phosphorylation. In this system, pyruvate was 
oxidized by a TPP-FAD* enzyme yielding acetyl phosphate and CO, as products. 
The reaction was strictly dependent on the presence of inorganic phosphate. More 
recently, the system was studied with a purified enzyme in the hope of better 
analyzing the mechanism of the coupling. The purification and some of the char- 
acteristics of the purified system were reported.” It proved difficult to obtain 
large enough amounts of purified enzyme to carry out a detailed study of the reac- 
tion between the TPP-FAD protein, pyruvate, and phosphate. Nevertheless, 
the limited amounts of enzyme which were available permitted some preliminary 
experiments, a report on which has been delayed because we hoped to improve on 
these observations. 

The present brief report is partly prompted by the work of Das et al.* on a 
formation of acetyl phosphate in the oxidation of pyruvate with the EZ. coli enzyme 
if ferricyanide was used as the hydrogen acceptor. In their reaction between 


pyruvate, TPP-enzyme, and ferricyanide, acetate is ordinarily formed. They 


found, however, that on addition of phosphate, part of the pyruvate is converted 
into acetyl phosphate rather than acetate. The phosphate acts here as a trap for 
the activated acetate. This is interpreted by the Reed group, in extension of the 
work by Krampitz et al.*:> and by Breslow et al.,*.7 to indicate that a reactive 
acetyl-TPP is the primary product of the reaction. Before going into details of 
this interpretation, we should like to present the data obtained with the L. del- 
brueckiit enzyme. 

Methods.—The enzyme was purified in the manner previously described.? The 
preparation used had a specific activity of 750 units per mg using the unit defined 
in the previous paper. Assuming a mole of FAD per mole of enzyme and a molecu- 
lar weight of about 100,000, this preparation was approximately 30 per cent pure. 
The phosphate-free enzyme was prepared by dialyzing for 5 hours against 10 vol- 
umes of 0.9 per cent potassium chloride, followed by four absorptions with Dowex-1 
acetate. A recording photometer was used, which was designed and built by 
Dr. John D. Gregory and which has been described in a previous publication.* 
The cuvette (1 em light path) contained 1 ml of enzyme and 1 ml of 0.1 N acetate 
buffer, pH 6. Nitrogen, freed of oxygen by passing over hot copper filings, was 
bubbled through for 10 minutes. A small drop of silicone was floated on top to 
prevent foaming. The cuvette was then transferred to the photometer and bubbling 
continued during the experiment. The light path was moved to one side of the 
cuvette with the bubbles rising to the surface on the other side. Thus, with the 
continuous stream of nitrogen going through, the enzyme was kept anaerobic and 
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Fig. 1.—Phosphate requirement for reduction of enzyme- 
bound FAD. The dip in the curve immediately after addi- 
tions is due to a dilution effect. The cuvette containing 
15.6 mg purified oxidase plus 100g moles potassium acetate 
buffer pH 6.0 in a total volume of 2 ml was deaerated prior to 
substrate and phosphate additions by bubbling nitrogen, 
freed of oxygen after passage over copper filings, through it 
for 10 min. Bubbling nitrogen for longer did not increase 
the rate of enzyme reduction, indicating that the solution 
was free of dissolved oxygen. The cuvette was then placed 
in the recording photometer and the bubbling continued 
during the course of the experiment. At zero time, first 
arrow, 50 umoles of potassium pyruvate were added, and 
after about 3 min, second arrow, | umole of potassium phos- 
phate. 


the additions were mixed in very rapidly. The additions were contained in 0.1 
ml and were injected into the cell with a syringe. The enzyme solution was bright 
yellow and the change of absorption of the FAD component was followed at 450 
my, the absorption peak shown in the curve for a similar enzyme presented in the 
previous communication.’ 

Results.—We were primarily interested in finding out if the reduction of the FAD 
was tightly coupled with phosphorylation. It became clear immediately that no 
reduction occurred on addition of pyruvate alone. As appears from Figure 1,f 
the addition of pyruvate caused a dip in the curve, due only to dilution, while 
afterwards the curve stayed level. When 1 umole or more of phosphate was added, 
however, a reduction of FAD occurred, with a slight delay, and became rapidly 
complete with all enzyme-bound FAD, 0.025 umole, being reduced. Here, phos- 
phate was in large excess compared to the amount of FAD present in the enzyme. 
When lower concentrations of phosphate were used, some interesting features of 


the phosphate effect appeared. If, for example, 0.01 umole of phosphate, i.e., 


less than enzyme-bound FAD, were added, no effect could be seen even after a 
long wait. With 0.05 umole, twice the amount of enzyme-bound FAD. a slow 
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Fig. 2.—Rate of enzyme-bound FAD reduction as a function of phosphate 
concentration. The conditions of deaeration and the contents of the cuvettes 
prior to zero time additions are the same as those given in Figure 1. At zero time, 
50 wmoles of potassium pyruvate were added to all three cuvettes. The following 
additions were made as indicated on the figures. The dips in the curves immedi- 
ately after additions are due to a dilution effect 
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reduction appeared after an induction period of a little over a minute. This is 
shown in Figure 2, which also includes a curve with 0.1 umole of phosphate showing 
a little shorter induction and a more rapid reduction. At lower concentration 
levels, amounts of FAD were reduced nearly, but not strictly proportional to the 
phosphate concentration, and reduction was incomplete. The data for different 
amounts of phosphate are assembled in Table 1, and it may be seen that the amount 


of FAD reduced is always only a fraction of the phosphate added. 


TABLE 1 


RELATION BETWEEN PHOSPHATE CONCENTRATION AND FAD REepucTION 
Time lag i pinoles FAD 
O. D. change reduced 
None / 
5%, 0.060 0.012 
0.1 3 0.080 0.018 
1.0 ; 0.125 0.025 


s PO, added seconds 


It was observed, as recorded in Figure 3, that if two consecutive additions of 
phosphate were made, after the second addition the induction was much shorter 
and the reduction faster. When the order of addition was reversed, it appeared that 
phosphate in the absence of pyruvate caused a considerable reduction of FAD. 
This blank reduction could be abolished by hydroxylamine (5 umoles) but not by 
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Fic. 3.—Effect of consecutive additions of phosphate on the rate of reduction 
of enzyme-bound FAD. The conditions of deaeration and the contents of the 
cuvettes prior to zero time are the same as those in Figure 1. In both cuvettes, 
50 umoles of potassium pyruvate were added prior to the zero time recording. In 
curve A, the first arrow indicates the addition of 0.05 umole of phosphate at 
zero time, the second arrow at 4 minutes indicates the addition of 0.1 umole of 
phosphate. In curve B, 0.01 umole of phosphate was added at zero time fol- 
lowed by the addition of 0.1 umole of phosphate at 1 min. The dips in the 
curves immediately after additions are due to dilution, except at the second arrow 
in curve A where the second phosphate addition leads to reduction without de- 
lay and the dilution effect has to be subtracted from the total. 


semicarbizide. Then, the addition of 1 umole of phosphate caused very little, 
if any, reduction in the absence of pyruvate. Pyruvate was now required for 
reduction, but the rate was slower than in the reverse experiment. With 0.1 
umole of phosphate in the presence of hydroxylamine, no reduction could be seen, 
presumably due to inhibition. The reduction of FAD by adding phosphate in the 
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absence of pyruvate may indicate the presence of hydroxyethyl-TPP on the en- 
zyme which is destroyed by hydroxylamine. 

Discussion.—The experiments indicate that with the L. delbrueckii enzyme the 
reduction of FAD by pyruvate depends on the presence of phosphate; the hydro- 
gen transfer is tightly coupled with phosphorylation of the oxidation product. 
As has been shown previously in the case of the L. delbrueckii system,’ no sulf- 
hydryl compounds, neither lipoic acid nor CoA, are implicated; in this case, FAD 
is the immediate hydrogen acceptor. We are inclined to interpret these results as 
an integrated reaction between TPP, pyruvate, and FAD, with the pyruvate not 
being oxidized if phosphate is not present to accept the active acetyl. In the 
presence of phosphate one has to assume a rigidly coupled three-step reaction 
(1) the formation of hydroxyethyl-TPP ;4 


9 


(2) dehydrogenation to acetyl-TPP; 
and (3) transacylation to phosphate. 

Our present experiments do not permit us to decide definitely if decarboxylation 
of pyruvate is coupled to a presence of phosphate. The briefly reported dependence 
of acetoin condensation on phosphate with the L. delbrueckii enzyme," using pyru- 
vate + aldehyde or aldehyde alone as a substrate, may indicate a phosphate- 
linked decarboxylation. The second step, the oxidation of the hydroxyethyl-TPP 
to the acetyl-TPP is, however, surely phosphate-linked. The need for excess of 
phosphate to complete the reduction of FAD, and the induction period after phos- 
phate addition may indicate a sluggish, although reversible binding of phosphate 
to the enzyme. The most interesting phenomenon is the absolute phosphate re- 
quirement for reduction of the enzyme-bound FAD. This observation indicates 
that hydrogen transfer and phosphate transacylation from hydroxyethyl-TPP 
are interdependent. This obligatory coupling of oxidation with phosphorylation 
distinguishes the system in L. delbrueckii from the system recently described by 
Das et al.’ in F£. coli, mentioned above. In their case, the ferricyanide also oxidizes 
the aldehyde-TPP addition product to the acetyl compound, but most of the 
acetate is hydrolyzed and only in the presence of larger amounts of phosphate is a 
relatively small part trapped as acetyl phosphate. As was reported in our pre- 
vious communication, ferricyanide may also be used as hydrogen acceptor with our 
enzyme, but coupling to phosphorylation is equally tight and stoichiometric 
amounts of acetyl phosphate are formed. 

The need of an excess of phosphate for FAD reduction is difficult to interpret 
with the few data available. On the whole, the system seems to have common 
features with the oxidative phosphorylation system in mitochondria where a pos- 
sible binding of phosphate to riboflavin in the process was proposed by Low et al."! 
There is, however, no need in our case to invoke a binding of phosphate to FAD. 
Rather, some push-pull reaction suggests itself as an interpretation, with FAD 
pulling hydrogen off the hydroxyethyl-TPP while at the same time phosphate is 
attracted to the C-2-linked carbon to displace TPP. A phosphorolysis of acetyl- 
TPP is indicated by the results of Das et al.,* but the obligatory linking of phos- 


phorolysis to hydrogen transfer in our case requires a special construction of the 


enzyme. It presents a rather unusual coupling situation. 


* The following abbreviations are used: TPP, thiamine pyrophosphate; FAD, flavin adenine 
dinucleotide; P, phosphate; O.D., optical density. 





1772 BIOCHEMISTRY: RITTENBERG AND BOREK Proc. N. A. S. 
+ All curves are reproduced from photometer recordings made on chart paper calibrated to read 


in optical density. 

!Lipmann, F., in Biological Oxidations, Cold Spring Harbor Symposia Quant. Biol., vol. 7 
(1939), p. 248. 

2 Hager, L. P., D. M. Geller, and F. Lipmann, Fed. Proc., 13, 734 (1954). 

Das, M. L., M. Koike, and L. J. Reed, these PROCEEDINGs, 47, 753 (1961). 

‘ Krampitz, L. O., G. Greull, C. S. Miller, J. B. Bicking, H. R. Skeggs, and J. M. Sprague, 
J. Am. Chem. Soc., 80, 5893 (1958). 

> Krampitz, L. O., G. Greull, and I. Suzuki, Fed. Proc., 18, 266 (1959). 

6 Breslow, R., J. Am. Chem. Soc., 80, 3719 (1958). 

’ Breslow, R., and E. MeNelis, J. Am. Chem. Soc., 81, 3080 (1959). 

’ Geller, D. M., and F. Lipmann, J. Biol. Chem., 235, 2478 (1960). 

’ Holzer, H., and K. Beaucamp, Angew. Chem., 71, 776 (1959); Biochim. et Biophys. Acta, 46, 


225 (1961). 
’ Hager, L. P., and F. Lipmann, Bacteriological Proceedings (Baltimore: Society of American 


Bacteriologists, 1955), p. 113. 
| Low, H., P. Siekevitz, L. Ernster, and O. Lindberg, Biochim. et Biophys. Acta, 29, 382 (1958). 


A STUDY OF A COMPLETELY DEUTERIATED ENZYME* 
By STEPHEN M. RirrenBERG* AND ERNEST BOREK 
DEPARTMENT OF BIOCHEMISTRY, COLLEGE OF PHYSICIANS AND SURGEONS, COLUMBIA UNIVERSITY 
Communicated by David Shemin, September 5, 1961 


We have reported recently that a variety of growth effects attributed previously 
to the toxicity of deuterium are caused not by the rare isotope per se but rather by 
the unusual mixture of isotopes within the organisms when they are transferred 
from one isotopic environment to another.! This conclusion was based on our 
observation of anomalous growth effects produced in EF. coli when organisms 
grown in either D.0O or in H.O” were transferred into H,;O. Organisms fully 
adapted to either of the rare isotopes when transferred to the abundant isotopes 
exhibited the same growth effects—both kinetic and morphological—which previous 
investigators had observed in organisms grown in HO when transferred to D.O. 

It appeared likely that the aberrant growth effects in such transitions from one 


isotopic milieu to another are but the visible summation of disturbances in the 


synchrony of reactions within the cell when enzymes and substrates of dissimilar 
isotopic species interact. We therefore undertook a study of the kinetics of 
enzyme action of a deuteriated enzyme with a normal substrate. There have been 
studies of the reverse—-of reactions between normal enzymes and deuterium-con- 
taining substrates. Several investigators have measured the relative rates of oxi- 
dation of succinate and deuterio-succinate by the enzyme succinic dehydrogenase?~4 
both in H,O and D.O. Erlenmeyer et al.? first showed that succinic dehydrogenase 
of beef heart oxidized deuterio-succinate in H.O at a lower rate than normal suc- 
cinate under the same conditions. Thomson and Klipfel* obtained similar results 
with succinic dehydrogenase of rat kidney and beef heart. In general, the reduc- 
tion of the rate of oxidation of deuterio-succinate is ascribed to a primary isotope 
effect. If the rate-determining step of the reaction is the breaking of a C—H bond, 
the substitution of deuterium for hydrogen will result in a lower reaction rate 
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because in the ground state the zero-point energy is smaller for the C-D bond than 
for the C-H bond. Many examples of such an effect are known.* 

There have been no investigations of the effect of complete substitution of 
deuterium for hydrogen on the activity of an enzyme. 

We report here initial studies of the reaction of completely deuteriated succinic 
dehydrogenase with normal and deuterio-succinate. 

Experimental.—Deuterio-acetic acid: Deuterio-acetic acid was prepared accord- 
ing to a modification of a method described by Potter and Ritter.6 Malonic acid 
was dissolved in a large molar excess of D.O. After 16 hr at 60°C, the water was 
removed by distillation in vacuo. The residue of deuterio-malonic acid was heated 
to the melting point and the acetic acid formed was distilled. A sample of this 
acetic acid was converted to silver acetate and was analyzed for its deuterium con- 
tent. It contained 90 atom per cent excess. 

Deuterio-succinic acid: Deuterio-succinic acid was prepared according to the 
method of Williams and Ronzio.’? Acetylene dicarboxylic acid (5.7 gm) was dis- 
solved in 5 ml of D.O and the solution taken to dryness in vacuo. The residue was 
dissolved in 50 ml of D.O, platinum oxide added, and the acid reduced by stirring 
the solution in an atmosphere of 95 per cent Do. After the reduction was complete, 
the platinum was removed by filtration, the solution taken to dryness in vacuo, 
and the residue recrystallized from water. Melting point 190° (uncorr.). The 
concentration of deuterium in the methylene carbon atoms was 92 atom per cent 
eXCess. 

E. coli B was grown in 99.5 per cent D.O using sodium deuterio-acetate as the 
sole carbon source. The complete salts medium* on which the organisms were 
grown contained—according to mass spectrometric analysis—99 atom per cent 
excess deuterium. The organisms were harvested by centrifugation when they 
reached a population of 5 to 8 X 10° cells/ml. The bacterial pellet obtained from 
250 ml of culture was suspended in 10 ml of phosphate buffer pH 7.2 in D.O, and 
the organisms were disintegrated by sonic vibration. The cell lysate was centri- 
fuged for '/2 hr at 100,000 g and the sediment suspended in 1 to 2 ml of phosphate 
buffer in D.O. This suspension was used as the enzyme source. The enzyme 
activity was assayed by measuring the rate of reduction of K;Fe(CN), (see ref. 9) 
by determination of the optical density at 400 my. The buffer was prepared by 


evaporating to dryness in vacuo a phosphate buffer, pH 7.2, prepared in HO and 


dissolving the residue in an equal volume of 99.5 per cent D.O. The concentration 
of K3Fe(CN), and of sodium succinate was 0.0094 M and 0.0125 M respectively. 
The reaction was carried out at room temperature. All reagents were made up in 
D.O. The possibility of exchange did not arise, since at no time did the enzyme 
come in contact with HO. 

Results and Discussion.—Table 1 summarizes the experiments on the oxidation of 
succinate and deuterio-succinate by succinic dehydrogenase of EF. coli B. These 
organisms were grown on HO. In accord with previous findings,?~* we find the 
rate of oxidation of deuterio-succinate is slower than that of normal succinate. In 
this system, the oxidation of the deuterio-succinate averaged 56 per cent that of 
normal succinate. 

While our succinate contained only 92 per cent D, previous investigations‘ have 
shown that the ratio of the rate of oxidation of deuterio-succinate to that of normal 
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TABLE 1 
REACTIONS WITH AN UNLABELED ENZYME 
Change of O.D. at 400 my in 30 min) 
Concentration 


of succinate Relative reaction rate 
molarity X 10 Normal succinate Deuterio-succinate of deuterio-succinate* 
52.7 

56.2 

58.0 

59.2 

Rate of oxidation of deuterio-succinate 


xX 100. 


Rate of oxidation of normal succinate 


succinate is proportional to the deuterium concentration of the succinate 100 
per cent deuterio-succinate would have a relative rate not very different from our 
preparation of deuterio-succinate. 

In Table 2 are given the results of a series of experiments in which a completely 
deuteriated enzyme was prepared by growing F. coli B in 99.5 per cent D.O. The 
source of carbon was deuterio-acetate. Since this medium contained but traces of 
H (< 1%), all the hydrogen atoms of the enzyme were replaced by deuterium. 
Reactions were carried out in both D.O and H2O. In the latter solvent, all the 
exchangeable deuterium atoms (-OD, >N-—D, —COOD, ete.) were replaced by 
hydrogen but not the carbon-bound deuterium atoms. 


TABLE 2 


{EACTIONS WITH A DEUTERIATED ENZYME 
(Change of O.D. at 400 my in 30 min) 
Concentration Relative reaction rat 
of suecina of deuterio-succinate 
molarity X 10 p Solvent Normal succinate Deuterio-succinate 
D.O 0.092 0.094 102 
DO 0.154 0.152 98.7 
D.O 0.188 0.190 101 
HO 0.072 0.060 83.3 
HO 0.122 0.133 92 
H.O 0.183 0.185 10) 


) 


\: 
12 


Rate of oxidation of deuterio-succinate 
succinate . x 100 
tate of oxidation of normal succinate 


When the oxidation of the normal and isotopic succinate isomers was determined 
in DO at pH 7.2, they were found to have the same relative rates. This is un- 
expected since the same primary isotope effect should have operated as in the ex- 
periments with the normal enzyme. The similarity of relative rates was also 
observed when the oxidation was carried out in H.O at various pH levels. Some 
factors in the interaction between enzyme and substrate must favor the homo- 
geneous system of deuterio-enzyme and deuterio-substrate and thus compensate for 
the isotope effect. That the effects observed cannot be due to hydrogen bonding is 
evidenced by (1) the absence of an isotope effect on the rates of suecinate oxidation 
when “heavy” enzyme is used and (2) the disparity in behavior between “heavy” 
enzyme in D.O or H.O and “light” enzyme in H.O. Rather, they must be due to 
the substitution of deuterium in non-exchangeable positions in the carbon chain of 
the enzyme. These substitutions of D for H must affect the binding of the enzyme 
and the substrate. Whether this operates directly by affecting the interaction of 
the CD» group of the succinate with a hydrocarbon chain of the enzyme or whether 
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the substitution of D for H in the enzyme alters the secondary and tertiary structure 
of the enzyme is not clear. We are at present investigating this question. 

This and other deuteriated enzymes may serve as useful tools for study of the 
mechanism of enzyme action. 
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THE FAR ULTRAVIOLET ABSORPTION SPECTRA OF POLYPEPTIDE 
AND PROTEIN SOLUTIONS AND THEIR DEPENDENCE 
ON CONFORMATION 
By K. RosENHECK* AND P. Dory 
DEPARTMENT OF CHEMISTRY, HARVARD UNIVERSITY 


Communicated September 25, 1961 


It has been predicted! ? on the basis of exciton theory that the parallel align- 


ment of peptide chromophores prevailing in the helical conformation of a poly- 


peptide chain would give rise to a hypochromic effect in the absorption band as- 
sociated with these chromophores, as well as a splitting of this band into two com- 
ponents separated by some 2,800 em~! and polarized at right angles to one another. 
This hypochromicity was first observed by Imahori and Tanaka’ in poly-L-glutamic 
acid when the polymer was in its a-helical form at a pH at which the carboxyl 
groups are protonated. When the pH is raised, these groups ionize and a helix- 
random coil transition occurs, in the course of which the hypochromicity vanishes, 
with a consequent increase of some 65 per cent in the absorbance at 190 mu. 

As has previously been briefly reported,? we have observed a shoulder at about 
205 mu in the spectra of both poly-L-glutamiec acid and poly-L-lysine in the helical 
form, which may be presumed to arise from the predicted exciton splitting. This 
has also been noted by Tinoco et al.° in poly-L-glutamie acid spectra obtained with 
a vacuum spectrograph, though not in spectra of poly-L-lysine measured with a 
photoelectric instrument; neither was it observed by Imahori and Tanaka? 
who used a similar instrument for poly-L-glutamie acid. It would appear that 
the failure of these workers to detect this feature was due to instrumental short- 
comings, possibly poor stray light elimination. All the spectra discussed in the 
present paper were measured with a Beckman DK-2 recording instrument. 
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It seems clear from the work of Imahori and Tanaka that the absorbance of 
poly-L-glutamic acid under varying conditions of pH and ionic strength can be 
used to give a direct estimate of helical content. It is of interest to establish 
whether this technique is generally applicable to polypeptides and to what extent 
it may be further applied to proteins, and to elucidate in general terms the factors 
contributing to the absorption spectra of proteins in this region, which has hitherto 


been largely unexplored. 

Experimental.—The necessity of using a solvent of low absorption in the 190 my region re- 
stricted the choice of polypeptides for the study of the helix-coil transition to those which undergo 
the conformational transition as a result of changes in pH. The influence of changes in tempera- 
ture at constant pH was also studied. 

Polypeptides: Poly-L-lysine HBr was dialyzed exhaustively against 0.01 N HCl in order to 
replace the highly absorbing bromide ion by chloride ion, which has a molar extinction coefficient 
at 190 mu of no more than about 1,000. The resulting hydrochloride, after further dialysis 
against distilled water, was recovered by lyophilization. Two preparations were used, having 
molecular weights of about 30,0000 and 300,000 respectively, as estimated from viscosity measure- 
ments in 0.2 M sodium chloride. Poly-L-glutamic acid was prepared from poly-y-benzyl-L- 
glutamate bought from Pilot Chemicals Inc. and had a molecular weight of about 80,000. 

Poly-D,L-glutamic acid was prepared by polymerization of y-benzyl-D,L-glutamate N-carboxy 
anhydride in benzene using n-hexylamine as initiator and subsequent debenzylation, followed 
by dialysis and lyophilization. The molecular weight of the benzyl ester of the polymer was 
about 30,000 as estimated from viscosity measurements in dichloroacetic acid. Examination of 
the absorption spectra of all polypeptides in the 260 my region showed them to be free of protect- 
ing groups. Amino acids and dipeptides were obtained from either National Biochemical Cor- 
poration or Mann Research Laboratories and dried to constant weight in vacuo. 

Proteins: Paramyosin was prepared by B.S. Harrap from clam adductor muscle. Ribonuclease 
was purchased from Worthington Biochemical Corporation and oxidized according to the pro- 
cedure of Harrington and Schellman.® 6-Lactoglobulin was a product of Pentex, Inc., used without 
further purification. Beef insulin was the five times recrystallized product of Lilly Research 
Laboratories, Lot T-2 42. Crystalline sperm whale myoglobin was a gift of J. C. Kendrew. 

Preparation of solutions: Stock solutions, the concentrations of which had been determined by 
Kjeldahl nitrogen analysis, were diluted to give absorbances of about 0.5 in 2 mm cells. The 
PH of the polypeptide solutions was adjusted with HC] or NaOH. In the low pH range, the refer- 
ence solutions were made up with equal concentrations of chloride ion in the form of HCl] or NaCl 
without adjustment of pH. At high pH, however, the pH in both cells was adjusted to the same 
values, because in this range the absorption of the hydroxyl ion becomes significant. The molar 
extinction coefficient of hydroxy] ion at 190 my being about 4,500, a solution of pH 11 ina 2 mm 
cell has an absorbance of about 1.0 from the hydroxyl ions alone. A discrepancy of 0.03 pH units 
in this range therefore causes a change of about 0.04 units in absorbance: this results in an error 
of about 10% in the calculated molar extinction coefficient of the polypeptides. It was therefore 
necessary to exercise the greatest care in controlling the pH in both cells and protecting the solu- 
tions from the atmosphere, by working in stoppered cells. 

Experiments with some simple amines showed that the absorption of both the ionized and 
the un-ionized amino group is negligible. The same is true for the un-ionized carboxyl group. 
The molar extinction coefficient of the carboxylate ion at 190 my is about 1,000, and suitable cor- 
rections were applied to the calculated extinction coefficients in the case of the polyglutamic acids. 
Both the SO,” and the H»PO,~ ion have sufficiently low absorption to make their use possible 
in concentrations up to about 0.01 molar. In the paramyosin and insulin experiments, 0.01 M 
sulfuric acid was used to adjust the pH; the §-lactoglobulin was dissolved in phosphate buffer. 

The contribution of the side chains to the absorption of the proteins was calculated making 
use of published analytical data. For paramyosin, the average values of several analyses of Venus 
mercenaria tropomyosin were taken from data of Komintz et al.?_ For insulin and ribonuclease, 
the compositions taken from the published amino acid sequences® * were used. For 6-lactoglobulin, 
the analyses of Stein and Moore” were used, and for myoglobin those of Edmundson. !%* 
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It was assumed in the first instance that the extinction coefficients and absorption maxima of 
the various side chain chromophores were all unchanged when incorporated in the protein. 

Spectra: The spectra were recorded on the Beckman DK-2 spectrophotometer. This instru- 
ment, as specially adapted for the far ultraviolet, is equipped with selected synthetic quartz 
optics to provide high transmittance in the short-wavelength ultraviolet region. The hydrogen 
are and the RCA 7200 photomultiplier have fused quartz envelopes, and oxygen is eliminated 
as far as possible from the light path by flushing nitrogen through the instrument. Before start- 
ing the measurements, nitrogen (water-pump grade) was passed through a silica gel drying tube 
and into the instrument at a rate of 30-40 cu. ft./min until the slit width at any point in the 
region of oxygen absorption (below about 200 my) had decreased to a constant value, indicating 
that the oxygen concentration in the light path had reached a stationary minimum. The same 
rate of flow was then maintained throughout the measurements. 

Cells: All cells were of ‘“‘Supersil’’ grade quartz and 2 mm path length, supplied by either 
Pyrocell Manufacturing Co., or Quaracell Ine. When properly cleaned by detergent or boiling 
nitric acid, these cells had excellent transmittance down to the limit of the instrument at about 
180 mu. Ground glass- or silicone rubber-stoppered cells were used to protect the aluminized 
mirrors of the optical system from contamination by solvent vapors. In the heating experiments, 
the use of cells with well-fitting ground glass stop : ; —— 


pers is imperative. Loss of solvent was in this 


most. The 2 mm cells were calibrated for path 


case found to be no more than a few per cent at | : 
| 


Cr 


length by comparison with | em cells, and correc 
tions were applied in the calculation of molar ex 


TTAN 


tinction coefficients 
In the heating experiments, a modified Beck 


man temperature-regulated cell block was used in 


TRANS! 


conjunction with a circulating heating bath. 


%e 


Solvent water was redistilled in a Pyrex still 
Degassing by boiling was found to have very little 
effect on the transmittance and was considered 
unnecessary. In the 2 mm cells, meaningful 
measurements could be made down to 183 mu, 
the slit width remaining below 0.5 mm_ under . 
proper operating conditions. Owing to broaden Fic. 1.—Stray light level in the Beck- 
man [DK-2 recording spectrophotometer. 
Transmittance of ¢sopropanol in l-em path 
length at short wavelengths. 


ing of the water absorption band, the cutoff 
moves to longer wavelengths as temperature is 
increased, and at 90° it lies at about IS7 mu 
The use of D.O as solvent extends the working range by 2-3 mu toward shorter wavelengths. 

Stray light: Stray light becomes a factor of the greatest importance in spectrophotometry in 
the wavelength range here considered. The particular virtues of the Beekman DK-2 instrument 
in this respect are demonstrated by the data given by Stich ef al.!! Stray light tests were carried 
out at intervals according to the procedure suggested by Beaven and Holiday.!? Either a Cor- 
ning 7910 filter cutting off at about 220 my or a | em cell filled with speetroscopically pure iso- 
propanol, which cuts off at somewhat lower wavelength, was placed in the sample beam. Any 
energy reaching the detector below the cutoff wavelength may then be regarded as stray light. 
The value so obtained is probably somewhat smaller than the true one, but it is clear from Figure | 
that the instrument will give valid results at 185 my. Additional tests for adherence to Beer’s 
law were performed, and it was concluded that under optimal operating conditions with adequate 
nitrogen flushing errors due to stray light are not significant up to total absorbance values (solute 
and solvent) of about 1.0 

Macromolecular scattering: The contribution of scattered light to the absorbance of polypeptides 
of high molecular weight was roughly estimated from a logarithmic plot of absorbance versus wave- 
length in the range 350 to 250 my, where there are no absorption bands.!* The linear plots were 
extrapolated into the region of absorption, and it was clear on this basis that the contribution 
f macromolecular scattering at these concentrations was negligibly small, and indeed comparable 


with errors in absorbance readings. 
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Infrared spectra: Infrared spectra in D,O solution were determined with a Perkin-Elmer 21 
Spectrophotometer, using a calcium fluoride cell of 0.025 mm pathlength. 


Polypeptides.—Poly-L-lysine: The far ultraviolet spectra of poly-L-lysine in 
three different conformations is shown in Figure 2. The full line refers to the 
randomly coiled, or disordered, form: it is single peaked with a molar extinction 
coefficient of about 7,100 at the maximum, which is located at 192 mu. When the 
pH is changed from neutrality, where this result was obtained, to 10.8, the poly- 
peptide takes up the a-helical conformation,'*: ' and this is seen to be accompanied 


by a substantial change in the spectrum. There is a large hypochromic effect, 
the maximum extinction coefficient being reduced to 4,400, together with the ap- 
pearance of a shoulder at 205 mu. At about 215 my, the curves cross and they 
meet again at 240 mu, where the absorbance vanishes. 


8000 


Fig. 2.—Ultraviolet absorption spectra of poly-L-lysine hydrochloride in 


aqueous solution: random coil, pH 6.0, 25°; helix, pH 10.8, 25°; 6-form, pH 
10.8, 52°. 


It has been found that upon heating solutions of poly-L-lysine in the a-helicat 
form there is a complete and irreversible conversion to the 6-form. At moderate 
concentration, a precipitate forms; at the high dilution employed here, only limited 
molecular association occurs. The transition to the 6-form is readily shown by the 
shift of the infrared amide I band from 1,638 to 1,610 em— in D.O solution'® (Fig. 
3). The ultraviolet spectrum changes markedly as well, as shown by the other 
dashed line in Figure 2. The hypochronism is lost, the peak shifts to 194 muy, 
and the absorbance is seen to be somewhat higher than for the disordered form at all 
higher wavelengths. 

While the spectrum tor the 8-form is not sufficiently different from the dis- 
ordered form to be useful diagnostically, the much larger differences between the 
disordered form and the helical form should prove useful, particularly since infra- 
red spectra cannot readily differentiate these two forms. 
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Poly-L-glutamic acid: The spectra for the randomly coiled and a-helical forms 
of this polypeptide are shown in Figure 4. The spectrum for the random form has 
deen corrected for carboxylate absorption. Again, the choice of pH and the conse- 
quent state of ionization dictates the conformation.'’ The marked hypochromism 
of the helical form is evident, as first observed in this material by Imahori and 
Tanaka.* However, in contrast to their earlier observations a splitting is seen 
here, as in poly-L-lysine, into a maximum located at 190 and a shoulder at 205 mu. 

It has been shown previously that the heating of poly-L-glutamie acid in the 
helical form causes some conversion into the randomly coiled form.'7 When the 
temperature is raised in this case, there is seen a change toward the spectrum of 
the randomly coiled form as expected 
(Fig. 4). 

By converting the absorbance at the 


_— = . onenien 


4 


peaks of the spectra to molar extinction 
coefficients, values of 7,100 and 4,200 are 
found. These compare closely with those 
for the corresponding forms of poly-L- 
lysine and indicate that the hypochromic 
effect is associated with the chain confor- 
mation and is independent of the side 
chain. 

Poly-D,L-glutamic acid: Studies on 
polypeptides made from racemic mixtures 
indicate that like residues tend to cluster 
in the chain giving rise to marked de- 
parture from random sequences." 9 If 
this is so, poly-D,L-glutamic acid may 
contain soine helical regions at acid pH, 
where it is protonated. Such helical re- 
gions would not be detectable from ro- 
tatory dispersion measurements, since 
there would be equal amounts of essen- “ 
tially compensating types, that is, right- ae ; we 
: ; ; Fic. 3.—Infrare spectrum, showing amide 
handed L-residue helices and left-handed [| band of poly-L-lysine hydrochloride in 
D.O: (a) fresh solution, (6) after one hour at 


D-residue helices. Consequently, it was D 12 
p 2. 


of interest to examine the ultraviolet 
spectra of poly-D,L-glutamic acid to see if in acid solution it was hypochromic 
with respect to the randomly coiled form that occurs above pH 5. 

The results are shown in Figure 5. The upper curve refers to the randomly coiled 
form, and the dashed curve represents the same curve after correction for carboxyl- 
ate ion absorption. The spectrum at lower pH, where the helical form is stable in 
poly-L-glutamic acid, is seen to exhibit only modest hypochronism. Relative to 
the peak at pH 8.4, the peak at pH 3.0 is diminished by only 10 per cent in com- 


parison to nearly 40 per cent for corresponding conditions in poly-L-glutamic acid. 
This evidence would therefore indicate that poly-D,L-glutamic acid when not 
ionized exists in some measure in the form of short helical regions, not detectable 


by optical rotatory methods. 
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Characteristic spectral differences near 230 mu: The higher absorbance of the 
helical form from 220 to 240 my has already been noted. The possible origins of 
At this juncture, 


absorption in this region are discussed in the following paper.” 
we merely wish to point out that this relatively small difference, which apparently 
depends on conformation, can be exploited by the use of difference spectroscopy. 


By the use of high absorbances at 230 my and a solution of the randomly coiled 


polypeptide in the reference cell, it is possible to follow helix-coil transitions by 
varying the pH in the sample cell. This procedure makes possible the use of 
many reagents opaque at 190 mu and permits the use of the ultraviolet technique for 
studying conformation with instruments not fitted with “Supersil” opties. _More- 


Fic. 4 Ultraviolet absorption spectra of poly-L-glu- 
tamic acid in aqueous solution: random coil, pH 10, 30°; 
helix, pH 3.2, 30°; partial helix, pH 3.2, 90 


over, it would appear that these observations offer an explanation for the prominent 
peak observed in the difference spectra of a number of proteins at 230 my when the 
native and denatured forms are compared?! and permit it to be interpreted as 
arising from the loss of some helical structure in the denatured form. 

Proteins.It is obvious that an attempt should be made to correlate the degree 
of hypochromism at 190 my with the helical content of proteins as estimated by 
rotatory dispersion methods.?? In order to carry this out, it is necessary to correct 
the observed absorption spectra for the absorption arising from the amino acid 
residues, such as tyrosine, which contribute significantly to the absorption in this 


region. The assumption must be made that the absorption due to these groups is 
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the same in the protein as in the amino acid, even though the environment and 
interactions are different in the two cases. In the absence of data on model com- 
pounds to test the validity of this assumption, it is instructive to compare the 
results obtained by the present method with quantitative structural information 
from other sources. On the further assumption that the residues of the protein 
molecule are distributed between the random and the helical states only, the 
fraction of residues in helical conformation is given by 

> 


ia 


nie + Ne, — A/e 
ee) 


where Ynje; is the sum of the side chain extinction coefficients, «, and e, the residue 
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Fic. 5.—Ultraviolet absorption spectrum of poly-D,L- 
glutamic acid in aqueous solution at pH 3.0 and pH 8.4 
The dashed line represents the pH 8.4 data corrected for 
carboxylate ion absorption 


extinction coefficients of the random and helical form respectively at a given wave- 
length, V the number of peptide bonds, ¢ the concentration in moles per liter, and A 
the absorbance measured for a 1 em path length. 

The only quantitative data hitherto available on the absorption spectra of amino 
acids below about 200 mu are due to Platt and Klevens.?* Since these authors 
give only a selection of the natural amino acids, we have determined the spectra 
for a number of other amino acids in the Beckman DK-2 spectrophotometer down 
to about 185 mu. The molar extinction coefficients at these wavelengths in the 
region of peptide absorption are set out in Table 1. 

The spectra of several proteins are shown in Figures 6 and 7. The maxima are 
seen to lie at about 190 mu in al! cases. Furthermore, conditions which generally 
lead to more unfolded conformations, such as heat treatment or oxidation of di- 


sulfide bridges, are seen to be associated with increased absorbance. 
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TABLE 1 
Moar EXtTIncTION COEFFICIENTS OF CHROMOPHORIC AMINO AcID SIDE CHAINS 
Side chain 190 my 197 my 205 mu 
Carboxylate ion 900 300 100 
Methionine 1,600 1,600 1,600 
Cystine? 2500 1,500 1,000 
Histidine 5,300 3,600 4,200 
Amide 6,200 1,400 450 
Arginine 12,500 6,000 1,200 
Tryptophane? 17,000 20 ,000 19,500 
Tyrosine 36,000 33,000 8,500 
Phenylalanine 14,000 16,000 9,600 
In the case of paramyosin, the hyperchromic increase on heating is partly re- 
versible and there are no large changes in the shape of the band. The apparent red 
shift in the spectrum of this protein at the higher temperature (ig. 6) is at least 
partly due to the temperature-induced broadening of the water absorption band. 
There is no indication of the shoulder at 205 my observed in the simple helical 
polypeptides, even though paramyosin is almost wholly helical. It is presumably 
masked by the superimposed side chain absorption. 


RI BONUCLEASE PARAMYOSIN 


O% HELIX 


100 % HELIX 


Amp 


Fig. 6.—Far ultraviolet absorption spectrum of (L) native and oxidized ribonuclease 
and (R) paramyosin, showing increase in absorbance on heating. Markings show peak 
absorbance expected for disordered form and helical form, taking into account side 
chain absorption. 


Three different wavelengths, 190, 197, and 205 mu, were chosen for estimating 
the helical contents for the various proteins. Average molar extinction coefti- 


cients for the peptide groups were used, based on the spectra of poly-L-lysine and 


poly-L-glutamic acid, corrected for carboxylate absorption in the random form. 
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100% HELIX INSULIN 
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Fic. 7.—Short wavelength ultraviolet absorption spectrum of insulin. 


These average values are given in Table 2. The largest fractional change occurs 
at 197 mu. 
TABLE 2 
RESIDUE EXTINCTION COEFFICIENTS AS A FUNCTION OF CONFORMATION 
190 my 197 my 205 my 


fandom coil 6,900 6,350 3,200 
a-Helix +, 100 3,200 2,000 


TABLE 3 
CoMPARISON OF ESTIMATED HELICAL CONTENTS OF SEVERAL PROTEINS BY ULTRAVIOLET 
ABSORPTION AND Rotatrory DiIsPpERSION METHODS 


: Ultraviolet totatory 
Protein 190 mu 197 mp 205 mp Average dispersion 

Paramyosin 105 93 102 100 

Myoglobin 99 67 81 82 

Insulin 14 57 66 

Ribonuclease 58 35 27 10 

Ribonuclease, oxidized 8 18 19 18 

B-Lactoglobulin, pH 6.4 3: 25 31 30 

8-Lactoglobulin, pH 8.7 2 14 12 16 


The comparison is set forth in Table 3 for the few cases thus far available. The 
estimated helical contents from rotatory dispersion are based upon by values and a 
standard value of —630 for 100 per cent helix? ** except in two cases. In the case 
of myoglobin, a somewhat different procedure was used in treating the optical rota- 
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tion data which was largely in the ultraviolet ;°° in the case of oxidized ribonuclease, 
the estimate is based on A, = 226.° The values given for insulin and ribonuclease are 
listed as minimal values because of the possibility that there are some left-handed hel- 
ical regions in these molecules*! that cancel out an equivalent amount of right-handed 
helix. Such cancelation would not be reflected in the ultraviolet measurements. 
Finally, it should be pointed out that 6-lactoglobulin at pH 6.4 has a very anomalous 
rotatory dispersion which has been interpreted as indicative of either very high or 
quite low helical content.**: * 

In view of the limitations thus imposed, the comparison of the ultraviolet ab- 
sorbance and rotatory dispersion values reveal a fairly good correlation, one that 
would appear to justify further work. Indeed, the variation of the estimates for a 
given protein at different wavelengths are the more disturbing feature of the com- 
parison. The values at 190 my are often quite high. This may be due to the 
large contribution being made here by the aromatic residues and the strong de- 
pendence of this absorbance on wavelength near 190 mu. Obviously, this requires 
further study. At present, it would appear that 197 my is the more reliable point 
of measurement, this being the point of greatest difference, as well as being dis- 
placed somewhat from the region of strongest benzenoid absorption. Indeed, the 
absorbance due to side chains is only about half as much at 197 as at 190 mu. 
Insulin represents the most extreme case of the proteins measured: the side chain 
contribution per residue to the molar extinction coefficient is 6,990 at 190, 4,190 at 
197, and 1,600 at 205 mu. Thus, the choice of 197 mu represents a useful compro- 
mise between shorter wavelengths where the side chain absorbance is proportionally 
greater and instrumental uncertainty more acute, and longer wavelengths where the 
absorbance itself is decreasing rapidly. 

This tentative conclusion does not dismiss the possibility that the side chain 
absorption bands are in fact substantially modified when the chromophore is in- 
corporated into the protein molecule, nor the possibility that other conformations 
with anomalous optical properties are present. It is hoped to answer these and 
other questions by investigating the effect of environment on side chain chromo- 


phores in the short wavelength region and observing the effect on the absorption 


band of conformational changes in a wide variety of proteins. 

Summary.—The absorption spectra of polypeptides and proteins in aqueous 
solution in the region 185-240 my have been investigated, and the various factors 
contributing to this absorption have been analyzed. In polypeptides in the a-helical 
form, a large hypochromic effect is observed, as well as a new feature in the form of a 
shoulder at 205 mu, which is not present in the spectrum of the random coil confor- 
mation. The absorption spectrum associated with the 8-form has also been re- 
corded and is shown to differ from each of the other two. The hypochromic effect 
is also observed in proteins, and by applying a correction for the absorption of 
chromophoric side chains, it is possible to arrive at a value for the helical content 
of the protein, which agrees moderately well with data derived from optical rota- 
tory dispersion measurements. 

We have greatly benefited from discussion with W. B. Gratzer and M. Kasha throughout the 


course of this investigation. This work was supported by the Office of Naval Research (N5 ori- 
07654. ) 
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DEPARTMENT OF CHEMISTRY, HARVARD UNIVERSITY 


Communicated September 25, 1961 


9 


An analysis by Moffitt! ? of the optical properties of the peptide chromophore 
in an a-helical array indicated firstly that the principal transitions should be opti- 
cally active, and secondly that the N — V, system of this chromophore* would give 
rise, by resonance exciton interaction of the electronic transition moments of 
the oriented peptide groups, to two bands. These would take the form of a com- 
ponent polarized parallel to the helix axis and a degenerate pair with perpendicular 
polarization. Moffitt’s calculations were based on spectroscopic data for simple 
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amides due to Simpson and his co-workers,* 4 and subsequent examination of 


polypeptide spectra®:® indicates that the data at least for the wavelengths and 


oscillator strengths of the N — V, transition are substantially correct. It was 
further predicted that the band with perpendicular polarization would lie at shorter 
wavelength, with an energy separation between the two bands of 


Ap = \y I — 2.800 em—!. 


It should be mentioned in passing that the term omitted in Moffitt’s original 
treatment of the coupled oscillator problem,? due to the breakdown of the selected 
boundary conditions, invalidates the reasoning by which values of the optical rota- 
tory constants for the a-helix were deduced.” The calculations of absorption data, 
and in particular the oscillator strengths for the peptide transitions, on the other 
hand, are insensitive to this term, and therefore still stand. 

The ultraviolet spectrum of a helical polypeptide in solution in the region of 
peptide absorption was first described by Imahori and Tanaka,’ who noted the 
presence of a hypochromic effect. Subsequently, a shoulder on the long-wave- 
length side of the 190 my maximum in the a-helix was observed,®: ®§ and it seemed 
possible that this might represent the splitting predicted by Moffitt. The present 
work was undertaken in order to achieve a better resolution of the spectrum, to 
determine the polarization of the components and their separation and to detect, 
if possible, any transition of lower intensity in the same region, in particular the 
n-r* transition assigned by Peterson and Simpson‘ in the spectrum of a simple 
amide. The latter must be polarized perpendicular to the plane of the amide 
group and therefore at right angles to the helix axis. 

Experimental.—All polypeptides were prepared by polymerization of the corresponding N- 
carbonic anhydrides with sodium methoxide initiation. The poly-y-methyl-L-glutamate had a 
molecular weight of about 800,000, the remaining samples much lower values. Solvents were not 
repurified, since it was found that they left no ultraviolet absorbing deposits on evaporation. 

Films were cast on quartz plates and oriented by unidirectional stroking under gentle heat from 
an infrared lamp to hasten evaporation. In the case of poly-y-methyl-L-glutamate, a few sweeps 
with the side of a needle sufficed, but with the other materials continuous stroking with the 
needle point until the films were dry was necessary. Under these circumstances, a high scatter- 
ing background is inevitable. Films of the correct thickness were achieved by trial and error.!° 
The following systems gave satisfactory results: poly-L-alanine from dichloracetie acid, chloro- 
form, 1:1 by volume; poly-L-glutamic acid, in the acid form, from dimethylformamide; poly-y- 
methyl-L-glutamate from trifluoroacetic acid, 2-chloroethanol, 1:6. 

Spectra were measured with a Beckman DK-2 recording spectrophotometer, with nitrogen 
flushing below 200 mz. A polarizing prism'! was mounted in the sample beam near the mono- 
chromator exit slit. Separation of the ordinary and extraordinary rays was complete at the de- 
tector aperture, and the extraordinary ray was blocked at this point. The sample was mounted 
immediately behind the prism with provision for turning it through a right angle while ensuring 
that the beam remained incident as far as possible on the same portion of film. In order to com- 
pensate for the energy loss at the prism, the reference beam was filtered through a matt black 
gauze.'?, A background spectrum of prism and quartz plate against the neutral filter was re- 
corded in each experiment. 

Scattering corrections were in some cases applied by means of an extrapolation from a double 
logarithmic plot of absorbance against wavelength outside the absorption region. Such plots 
were in general essentially linear, but the precise validity of such a correction is in doubt because 
of the refractive index change in the absorption band. 

The primary sources of possible inaccuracy in absolute absorbance measurements are (1) un- 
certain scattering background, (2) uncertainty in sample location when the sample is turned 





Vou. 47, 1961 CHEMISTRY: GRATZER, HOLZWARTH, AND DOTY 


through a right angle, (3) the discrepancy between real and measured absorbance in an inhomo- 
geneous field, which in general results in a flattening of the absorption maxima,'* and (4) imper- 
fect orientation. The possibility of a measure of depolarization by scattering may also arise in 
the worst cases. 

Low temperature spectra were measured in the same instrument, using a vacuum jacket with 
quartz windows and liquid nitrogen as coolant." 

Results —The spectrum of an unoriented film of poly-y-methyl-L-glutamate cast 
from a 2-chloroethanol: trifluoroacetic acid solution is shown in Figure 1. It is 
seen that a shoulder is present around 205 mu. This shoulder is considerably ac- 
centuated on cooling with liquid nitrogen. 

In the polarization spectra the best results were obtained with poly-y-methyl-L- 
glutamate. Poly-L-glutamic acid and poly-L-alanine were relatively difficult 


= et cman 


ABSOR BANGE 








240 


Ultraviolet absorption spectrum of an a-helical film of poly-y-methyl- 


L-glutamate. at 25°; Cooled with liquid nitrogen. 


to orient and gave films of high scattering background. Figure 2 shows a typical 


corrected polarization spectrum of a poly-L-alanine film. The measured absorbance 


in this ease, after subtraction of the background due to the prism, quartz plate, 


and gauze, was ca. 0.65, a large portion of which was due to scattering. A logarith- 
mic scattering extrapolation was applied, and the resulting absorbance values are 
as indicated. 

Another polarization spectrum, that of a poly-y-methyl-L-glutamate film, is 
shown in Figure 3. In this case the orientation was much more easily achieved, 
and the scattering background is remarkably low. This result establishes the 
directions of polarization, as well as the wavelengths of the two main bands, beyond 
question. A feature on the long-wavelength side of the perpendicularly polarized 
component is clearly manifested as a shoulder at about 220 mu. 

Discussion.—The absorption spectra of the polypeptide films exemplified in 
Figure 1, especially as accentuated at low temperature, show beyond doubt the 
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Fic. 2.—Polarization spectra of oriented poly-L-alanine film. Cor- 
rections have been made for baseline of prism and quartz support versus 
gauze and for scattering. 
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_ Fic. 3.—Polarization spectrum of oriented poly-y-methyl-L-glutamate 
film. The baseline due to prism and quartz support versus gauze has been 
subtracted. (This represented an absorbance of about 0.1.) 
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presence of two components, as predicted by Moffitt.!:* They present the ap- 
pearance of resonance interaction of moderate strength between chromophores in a 


molecular crystal, as evaluated by Simpson and Peterson.“ It thus seems per- 
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missible to regard the a-helix as a crystalline system in which the term 2V/A in 
the notation of Simpson and Peterson is roughly unity. Here, 2V is the crystal 
electronic bandwidth, representing the resonance force exciton interaction, and A is 
the over-all electronic bandwidth in the unperturbed chromophore. It may be sup- 
posed that in the film perturbations due to interactions between chromophore and 
solvent are suppressed and that an improvement of definition results by comparison 
with the solution spectra. More particularly, it is likely that the long axes of the 
macromolecules will be confined essentially to the plane of the film, which is per- 
pendicular to the propagation vector of the light. Now the absorbance as meas- 


ured is proportional to cos? 6, where 6 is the angle between the transition moment 


and the electric vector. In a random assemblage, such as a solution, cos? @ is 


1 1 


3; In an idealized film cos? @ is '/, for transitions perpendicular to the helix axis and 
'/, for transitions parallel to the helix axis. Consequently, the absorbance of the 
band with parallel polarization will be enhanced in the film in comparison with 
solution, whereas the reverse will hold for the perpendicularly polarized band. 

The polarization spectra bear out Moffitt’s predictions in all respects. The 
band maxima in the a-helical films lie at 191 and 206 mug, and their polarizations 
are without ambiguity perpendicular and parallel respectively to the helix axis. 
The energy separation corresponding to the above wavelengths is 2,700 em~}, 
which compares remarkably well with the predicted value of Moffitt, as well as 
with the recent figure of 2,590 em~! emerging from the point monopole calculations 
of Tinoco, Halpern, and Simpson. The scattering background uncertainty in 
such spectra as shown even in Figure 3, as well as the likelihood of imperfect orienta- 
tion, does not seem to justify any estimates of oscillator strengths, of which theoreti- 
cal values have been deduced by Tinoco et al.® 

Attention may next be directed to the feature on the long-wavelength side of the 
peptide band. From a simple geometrical analysis of the curve, assuming a 
roughly Gaussian envelope for the main band, it appears that the shoulder arises 
from a transition centered around 222 mu. If the extinction coefficient per residue 
in the polypeptide a-helix at 190 my is 4,100,°:* and the oscillator strength of the 
peptide band about 0.17,° then the values of these parameters for the new transition 
are very roughly 200 and 0.004." 

It may be strongly argued that the feature represents an n-7* transition. In 
the first place, such a transition has been described in simple amides,‘ where it also 
occurs at 220 mu. Secondly, its polarization is consistent with an out-of-plane 
transition moment, and thirdly, the extinction coefficient is low—although the 
calculated value of the oscillator strength is larger than the estimated value of 
Peterson and Simpson‘ (<0.001). It must be borne in mind, however, that the 
spectra obtained here can give only the crudest estimates in the case of a largely 
obscured band. 

In addition to the advantages of polarization spectroscopy, it seems likely that 
the conditions would favor the detection of an n-2* transition through elimination 
of solvent interactions, to which such transitions are highly prone,” and which will 
occur in aqueous solution. By comparison with the solution spectrum, moreover, 
the band should be displaced to the red. An examination of the spectra of, for 
instance, poly-L-glutamic acid in the a-helical and random coil states in aqueous 
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solution®® reveals intersections at 218 and 245 mu. The maximum difference occurs 
at about 223-225 my, and therefore seems unlikely to correspond to the n-7* 
transition (which in solution should be at a shorter wavelength) but rather perhaps 
reflects vibrational broadening of the peptide absorption in the a-helix. 

It has recently been reported by Simmons and Blout' and Simmons ef al.!® 
that the optical rotatory dispersion of poly-L-glutamic acid in the a-helix, though 
not in the random coil conformation, shows a Cotton effect with a turning point 
at 233 mu. It was suggested that this might arise from a hidden transition of the 
type described here. If this were indeed the case, Moffitt’s assumption! ? that 
the anomalous rotatory dispersion of a-helical polypeptides arises from the main 
N — Vi and N — V2 (i.e. m-2*) transitions of the peptide chromophore would 
demand re-evaluation. Certainly, it has been pointed out" that n-2* transitions 
seem usually to contribute heavily to optical rotatory power. It has not so far 
been possible, however, to extend measurements of optical activity further into the 
ultraviolet, and a categorical assignment of the anomalous dispersion at longer 
wavelengths to the weak transition described above, and tentatively designated 
n-3r*, would be premature. The possibility of an explanation of the dispersion 
in terms of the combined effects of the n-7* and x-x* transitions may also be 
envisaged. 

It is to be hoped that the firmer evidence for an n—2* transition, as well as the 


experimental data presented here on the exciton structure of the N —~ V;, transition 


in the helix, may stimulate fresh attempts at the theoretical treatment of the optical 
rotatory dispersion of helical macromolecules. 

Summary.—The polarization spectra of a-helical polypeptides have been ex- 
amined with the aid of oriented films. The N — V, transition of the peptide chro- 
mophore is split into two bands in the helix, one at 191 my, the other at 206 mg, 
polarized respectively perpendicular and parallel to the helix axis. These obser- 
vations are in accord with previous theoretical predictions. A partially resolved 
band of low intensity at about 222 my with polarization perpendicular to the helix 


axis is reported and is believed to represent an n—7* transition. 


We are grateful to K. Rosenheck for his interest during the inception of this work and many 
helpful discussions. We are also indebted to M. Kasha and M. Gouterman for critical scrutiny 
of the manuscript, and to R. H. Karlson for a sample of poly-y-methyl-L-glutamate. 
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EXTENSIONS OF THE VALENCE THEORY OF BORON COMPOUNDS 
By Wiiui1AmM N. Lipscoms 
DEPARTMENT OF CHEMISTRY, HARVARD UNIVERSITY 
Communicated September 25, 1961 


Use of three-center bonds in the more open boron hydrides, ions and derivatives, 
and of molecular orbitals in the more compact polyhedral-like compounds has 


yielded» ? descriptions of known compounds, predictions of new molecular and 


ionic species, and interpretations of some intermediates in reactions and tautomeri- 
zation. Some extensions here of these ideas are (1) an accounting of the bonding in 
the new type of boron hydride, ByHy., (2) a fuller statement than heretofore given 
of the substitutional invariance of the valence theory, (3) a second principle of 
polymerization, besides that shown in ByjoHj., and (4) structural proposals for ex- 
pected molecular species heretofore incompletely described or overlooked. 

Bond Accounting.— The recent discovery of a new type* of boron hydride, inter- 
mediate between the borides and previously known boron hydrides, introduces a 
kind of B atom which has no terminal H atoms attached. Let r be the number 
of such B atoms, let p be the number of B atoms which have at least one terminal H 
atom, and let 2 be the number of additional H atoms in excess of one terminal H 
on all B atoms of the molecule or ion. If the formula of the species of charge c 
is B,B,H,+4.°, then the hydrogen, orbital, and electron balances give the equations 


x ae-e¢ 
t D-E ff -E Cc 
t+ y p+ 3r/2 —c — q/2 


where there are s bridge H atoms, ¢ three-center BBB bonds, and y two-center BB 
bonds. In the form given above, the formula of ByHyg is BeBsHs+s+0°, and the re- 
sulting equations of balance are s + « = 8,s +¢= 10,and¢+y=7. One of the 
solutions (s = 8, ¢ 2 y 5, and x = 0) corresponds to the three-center bond 


description of this known molecule. If x is the number of extra H atoms in addi- 
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tion to the H of the BH group, this formulation also describes species having BH3 
groups, such as B2,H;~ which presumably is H;BHBH; (r = 0, p = 2, ¢ = 6,¢ = —1) 
with a possibly unsymmetrical three-center BHB bond. For this ion the values 
s=1,t=0,y = 0,2 = 4 satisfy the appropriate equations s + x = 5,s +t = 1, 
andt+ y = 0. 

Topological Invariance.—The description of valence and structure of all pres- 
ently known derivatives of boron hydrides and their ions can be reduced either to 
the above description or to the molecular orbital description of the hydrides and 
ions. This reduction, a kind of topological invariance, is of several types, in- 
cluding (1) the replacement of H~ by L where L is an electron pair donor ligand, 
such as N(CHs)s, (2) the replacement of H by D, a halogen, an alkyl group or an 
aryl group, (3) the replacement of a bridge H atom by XR, to be bonded then by 
two X—-B bonds, where X is N or P and R is H, an alkyl group or an aryl group, 
(4) the replacement of a three-center bonded H~ by a three-center bonded CH3;-, 
for which there are no known boron compounds, and (5) the substitution of hetero- 
atoms in the boron framework, e.g., C for B~, Be for B+, N for B~-?, Al for B, ete. 


Fic. 1.—NSimplified description of bonding 
in BeHe ?. Each B of planar B,H,~? forms 
three bonds in the molecular plane. Energy 
levels of the « system are shown above. 
Only the o, and z, molecular orbitals of 
B,H,~? are of appropriate symmetry to com- 
bine with linear combinations of correspond- 
ing symmetry from the two BH groups. 
Thus three electron pairs are required in 
addition to the four B—B bonds, making a 
total of seven pairs for boron-boron bonding 
in the octahedral BysH.~ ion. 


Consider C as the heteroatom to be substituted for the isoelectronic B-. The 


most stable species would be related to the most stable and compact polyhedral 
ions*~? (ByHyo~? and ByH,.~?) or to the predicted BsHg~? and B;H;~? ions* ® ® 9 
by replacement of one, two or more B~ by C. The species with higher symmetry 
are probably more stable, partly because these structures have the largest pro- 


portion of the comparatively more stable B—C bonds, but mechanism of forma- 
tion may yield preferentially species with C—C bonds in some instances. These 
compact polyhedral arrangements may yield possible positive ions, as yet un- 
known, which may be further stabilized by substitution of alkyl, aryl, or halogen 
for the terminal H atoms. Replacement of BH not involved as part of a BH: group 
or a BHB bridge may also be possible in such ions as BjoHi3~, BioHis~? or in the ex- 
pected ByH;~, BgHys~, BioHis~ or ByHi~? ions. Next in order of stability might 
be the substitution of C for B~ at BH» groups not linked by BHB bonds. Finally, 
the relative instability of a BHC bridge may lead to a rearrangement, or to ioniza- 
tion of H* especially if the ion has a positive charge. 
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Furthermore, there may exist classes of heteroatom hydrides not included among 
the known polyhedral ions. Therefore, descriptions of molecular orbitals in new 
polyhedra and simplified descriptions of bonding in known polyhedra are useful. 
The BsH;~* (Dy), BeHe~* (On), and B;H;~*? (Ds,) ions may be used to illustrate 
these points. Remove the apical BH groups, thus leaving planar B;H;~*, ByH4~?, 
and B;H,;~? units, which are treated by the usual molecular orbital methods em- 
ployed for aromatic hydrocarbons. The in-plane bonding of each unit has 3, 4, 
and 5 single bonds, respectively, and there are two extra electrons left over for 
the molecular orbitals formed from the p, orbitals. For each of these units one o 
molecular orbital and one z pair of molecular orbitals exist, and these are com- 
bined with corresponding orbitals of the two BH units above and below the molecu- 
lar plane, as shown in Figure | for B|Hs~*. The B;H;~? unit, prepared for bonding, 
has no 6 orbital, while the single 6 orbital in ByH,~? and the pair of 6 orbitals in 
B;H;~? are not of appropriate symmetry to bond to the BH units. Hence the 
bonding of two BH units to B;H;~?, ByHy~*, or B|H;~? requires, in each case, three 
electron pairs as shown. Therefore B;H;~*, BsHs~?, and B;H;~? may exist each 
with a —2 charge in its most stable state. 

In addition, there may exist classes of heteroatom hydrides not included among 
the known polyhedral ions. For example, one may press the analogy of the o, z 
system in” ByH;~, BsHo, and BsHi*, not only to the series CB;H;, B5Hyand BeB;Hu, 


Fic. 2.—Collapse of the By framework of 
ByoHiLe (left) when ByoHi? (right) is formed. 
New contacts are formed between atoms 6 and 9, 
between 6 and 8, and between 5 and 9 as indi- 
cated by the dotted lines in the left-hand figure. ; 
Kither the 7,10 pair or the 5,8 pair of boron atoms 
become apices of the BiH? polyhedron. Dr. 
M. F. Hawthorne has indicated to me that he 
has reached a similar conclusion. 


but into the aromatic series. For example, one can combine neutral BH with 
planar CyH,, which needs two more z electrons, to form HBC,H, of Cy, symmetry. 
The analogues to the above series are then HBC,H;* and HBC;H;~, of symmetries 
Cs, and (3, respectively. The last compound is interestingly related by substi- 
tution of C for B~ to the very tentatively suggested!! tetrahedral structure for 
cyclobutadiene. 

Second Principle of Polymerization.—In addition to a direct B—B bond, known 
in ByHys as well as in boron and the borides, the bridging of H atoms in various 
hydrides and ions suggests that stable units such as® BjHj~*? or ByH»~? may be 


polymerized by linking of these polyhedra or their fragments through bridge H 


atoms. The electronic structure within each polyhedron is assumed to be retained 
in such polymers, and hence a formal way of describing the polymerization is to 
replace two B—H bonds, one from each polyhedron, by a BHB bridge. Formally 
this amounts to loss of H~-. For examples, two B,jHi~? ions joined by one BHB 
bridge would give Bx)H,9~* ion, two BjH,~? ions joined by two BHB bridges would 
give BooH,s~? ion, an infinite number (2) of By2H»~? ions each joined to four others 
by BHB bridges would give a (ByHi), polymer which may further lose H, from 
2BH to form direct B—B bonds. Linking of one or two BH: groups by bridge 
H atoms might result in ByHy»~ or BeyHy from ByHi~?, or in BiysHu~ or BuHis 
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Fic. 3.—Proposed valence structures for the known B,H,.~ ion, and for unknown BgHj;, Buo- 
H,;~*, ByoHis*, and ByHis~. One terminal H atom has been omitted from each B atom for 
simplicity. Possibilities for H rearrangement (BH, to bridge H and BH) occur around the peri- 
phery of the negatively charged structures, and hence these structures are only representative, 
but they suggest the possibility of existence of ions or derivatives based upon these boron arrange- 
ments. For example, the extra 6,9 protons on ByoHig~? (0806) can easily become bridge H atoms 
to give a 2624 topological structure 
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from ByHi2~? as a result of similar application of this principle, but the BH. units 
may show instability. In general, the linking of two polyhedra by a pair of bridges, 
rather than one, would be expected to yield more stable structures. Such dimers 
or polymers might well occur for other negative ions, for various amine derivatives, 
heteroatom homologues, substitution derivatives, and in structures also containing 
B—B links between units. Indeed, such a B-B bond may well be formed in solu- 
tion by loss of H* to a Lewis base from BHB where only one such bridge occurs, 
e.g. in BooHig~* which might then take up protons elsewhere. 

New Proposed Structures. Overlooked in previous applications!® |’ of the theory 
of three-center bonding in hydrides and ions are structures for BgHj3, ByHys;~*, and 
BwHis~*. In addition, structures for ByHis;~ and BygH».~, both referred to pre- 
viously,'* '4 are shown in full (Fig. 3). A search for BgH; as distinct from the 
known BsH,, molecule may be worth the effort. The ByHj,;~* and ByHyg 
structure may be related, by the L for H~ equivalence described above, to ByHy4-3 
Pyridine (e.g., BiHi3Le~-LH*) and to ByHy-2{2-Br Pyridine]," i.e., BioHyLe. 
Indeed, the discovery of the BjoHig~? formula in the valence theory was prompted 
by the unsolved question'® of the H atom positions in a heavy atom derivative of 


a ByHyuLe structure. 


I wish to acknowledge support of this research by the Office of Naval Research and the National 
Institutes of Health. 
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INTERACTIONS OF BORANES AND THEIR IONS WITH 
PARAMAGNETIC S-STATE IONS 


By WiuuiaM N. LiescomB AND ALEXANDER KACZMARCZYK 
DEPARTMENT OF CHEMISTRY, HARVARD UNIVERSITY 
Communicated September 25, 1961 


The elucidation of structures of boranes and their ions by the use of B!' nuclear 
magnetic resonance (NMR) spectra is often complicated by the coupling of H 
atoms, which can increase the complexity of these spectra. We have found that 
paramagnetic ions in S states, e.g., Fe!''', decouple the H atoms without greatly 
broadening the B!! NMR peaks and hence simplify the spectra (Figs. 1 and 2). 
This effect has also been observed if Mn!! or Cr!!! compounds are used in place of 
Fe!!! compounds, and is anticipated if Eu'! or Gd!!! compounds are employed. 
We have also observed a similar effect in other related compounds having new 
molecular structural features, to be reported as these studies are completed. 

The S states of the paramagnetic ion are important in order that the magnetic 
moments due to the unpaired electrons remain only very loosely coupled to the 
environment. Presumably the electron-spin to nuclear spin coupling produces a 
reduction in the spin-lattice relaxation time,? 7;, which varies inversely as the 
square of y, the magnetogyric ratio. The major paramagnetic contribution to 
this preferential relaxation process arises from the fact that yy? is about ten times 
yp”, but there is also a distance dependence (I’e to B and Fe to H) which also favors 
preferential relaxation of H atoms, perhaps partly by a contact interaction. It 
therefore may be hoped that in the presence of paramagnetic ions a similar phe- 
nomenon may occur when H! or F!* is bound to C'™ or N", or in similar compounds 
having favorable ratios. 

There are several very tentative arguments which suggest that fairly specific 
complexes may be formed in these solutions. These include the observations that 
(a) higher concentrations of Fe*+* shift the whole NMR spectrum toward higher 
field, the reverse of the expectation for a nonspecific interaction, by as much as 20 
parts per million at higher Fe!!! concentrations, (b) high concentrations of Fe!!! 
are required, and (c) the effect is much easier to obtain for negatively charged 
boron hydride ions than for neutral hydrides. Further studies may therefore indi- 
cate the extent to which specific complexes between the paramagnetic ion and the 
boron compound are formed. 


It is, of course, possible to produce collapse of the hyperfine structure either by 


substitution of D for H or by spin decoupling by double resonance, and the spectra 
thereby obtained are relatively sharper than those shown here. However, the 
chemical procedures involved in D substitution are not always feasible in com- 
pounds of as yet unknown structure, and the interpretation*® of double resonance 
spectra is often complicated if the spectra are recorded by sweeping the magnetic 
field in the usual way. Hence, the procedures described here may become useful 
as an aid in the elucidation of structures. In addition, these interactions of para- 
magnetic ions with more than one kind of nucleus appear to be worthy of further 
study in their own right. 
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as aaa 


(a) B"! NMR spectrum! of KeByoHio in HeO. (b)B!! NMR spectrum of K2B,oHjo in 0.5 M 
FeCl; aqueous solution. 


soi 


Fig. 2.—(a) B'! NMR spectrum of ByHi, in benzene. (6) B!! NMR spectrum of BioHi, in a 
saturated solution of Fe!" acetylacetonate in benzene. No irreversible reactions had yet occurred 
for either of the boron compounds of Figures 1 and 2. 
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THE OCCURRENCE OF GAS HYDRATES IN THE SOLAR SYSTEM* 
By STANLEY L. MILLER 
DEPARTMENT OF CHEMISTRY, UNIVERSITY OF CALIFORNIA (SAN DIEGO), LA JOLLA 


Communicated by Harold C. Urey and read hefore the Academy, October 29, 1961 


The gas hydrates, which are clathrate compounds of gases in a (cubic) ice matrix, 
are not known to occur naturally on the earth because of the unfavorable com- 
bination of temperatures, pressures, and gases that are poor hydrate formers in the 
earth’s atmosphere. Mixed hydrates of methane, ethane, and propane do occur in 
natural gas pipelines,! and the solid hydrate can block the pipe if the water is not 
removed from the natural gas before pumping through the pipe. 

The factors which prevent the natural occurrence of the gas hydrates on the 
earth do not apply to other parts of the solar system, and it will be shown here 
that these hydrates may play a significant role in the chemistry of the solar system. 

Properties of the Gas Hydrates.—The gas hydrates are known to occur in two 
forms (for reviews see refs. 2, 3). Structure I hydrates have a cubie unit cell 


12.0 A on edge containing 46 water molecules and 8 cavities. There are two 


smaller cavities of 3.95 A radius which can encage molecules with diameters of 
5.1 A or less, and six larger cavities of 4.30 A radius which can encage molecules 
with diameters of 5.8 A or less. The theoretical formula for methane hy- 
drate would be CH,4:-5.75H.O, but the actual formula of this nonstoichiometric 
compound is about CH,-6.9H,O because all the available cavities are not occupied 


by the methane. 

Structure I] hydrates have a cubic unit cell of 17.4 A on edge containing 136 
water molecules and 24 cavities. There are 16 small cavities of 3.91 A radius which 
can encage molecules with diameters of 5.0 A or less, and 8 larger cavities of 4.73 A 
radius which can encage molecules with diameters of 6.7 A or less. Structure II 
hydrates will not be considered further in this discussion since they are formed by 
molecules which could occur only in very low abundance (e.g., propane). 

The phase diagram of methane hydrate is shown in Figure 1. At temperatures 
below 0°C, ice and CH, will be in equilibrium and no hydrate will form until a 
pressure is reached that is indicated by the line ice-hydrate-gas. At this pressure, 
which will be referred to as the dissociation pressure, ice, methane hydrate, and 
methane gas will be present at equilibrium. At pressures greater than the dis- 
sociation pressure, all the ice will be converted to methane hydrate. At tem- 
peratures greater than O°C, an aqueous solution of methane will be in equilibrium 
with methane gas until a pressure is reached that is indicated by the line water- 
hydrate-gas. At this pressure, water, methane hydrate and methane gas will be 
present at equilibrium. At pressures of CH, greater than this dissociation pressure, 
all the water will be converted to hydrate. The point Q is the quadruple point 
where ice, water, hydrate, and methane are in equilibrium. The pressure of 
methane at the quadruple point is 26 atm, and the temperature is slightly below 
0°C (—0.12°C) due to the freezing point depression of water by the dissolved 
methane. 

In the case of methane, the line water-hydrate-CH, extends to very high tem- 
peratures because the pressure (fugacity) of methane can be increased without 
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Fic. 1.—Phase diagram of methane hydrate. 





limit, the critical point of methane being —82°C. With ethane, the line corre- 
sponding to CH 4c1iq)-CHa(gas) extends further to the right in Figure 1, the critical 
temperature being 32.1°C. This vapor pressure curve of liquid ethane meets the 
water-hydrate-ethane gas curve at 14.5°C, above which ethane hydrate is unstable 
with respect to water and liquid ethane. 

If two hydrate formers such as methane and ethane are present in the gas phase, 
then a mixed hydrate of methane and ethane is formed instead of a mixture of 
methane hydrate and ethane hydrate. The formation of mixed hydrates is a 
consequence of the fact that the binding of gas molecules in the cavities of the 
hydrate lattice is not specific, but depends only on the size of the molecule and the 
magnitude of its van der Waals interaction. The composition of the gases in the 
hydrate is not the same as the composition of the gas phase. The different gases 
are concentrated in the hydrate in an inverse ratio of the dissociation pressures of 
the pure hydrates. This point and its astrochemical significance will be discussed 
in detail in a later paper. 

A statistical mechanical treatment of hydrate formation® * ® shows that a mixed 


hydrate of Structure I will be in equilibrium with ice and gas when 


l m 5) - ian 
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where yj is the fraction of the small holes occupied by the 7th gas and yz is the 
fraction of the large holes occupied by the 7th gas, Ay is the free energy change for 
the reaction 

iC@hexagonal = empty hydrate lattice Au = 0.167 keal/mole H.O. (2) 
The equivalent formula in terms of the binding constants and pressures is 
l 3 “3 
- In (| 4 2 CaPs) + —In (| Se CaP) = Au/R1 (3) 

1 1 


23 23 


where P; is the partial pressure of the 7th gas, and Cy, and Cy» are the binding con- 
stants of the 7th gas in the respective cavities. 
This equation can be rearranged to give 


> CeP; = exp (234n/4RT)B — 1 = K(T) (4) 


where B= [(1 + > CeP;) (1 + 2 Mal’d }'/4, and K(7’) is a function of temperature 


i i 
and the same for all hydrates of Structure I. The value of B is usually very close 
to 1.0 for hydrates of Structure I. For example, using the occupation numbers 
calculated for methane and ethane hydrates,” > B is 1.026 and 0.986, respectively. 

Equation (4) can be converted to a more useful form by letting P® be the dis- 
sociation pressure for the hydrate of gas 7 alone in equilibrium with ice. Then 
CP? = K(T) and equation (4) becomes 


>P, P? = |, (5) 
the total pressure being }>P;. This equation describes the pressures of hydrate 
formation within 5% in the systems CH,y-H.S-H2Oq) and CHy-CO.-H20,1).° 

If }>P,/P?* is less than 1, then no hydrate willform. If > P;/P? = 1, the H,O 


vapor pressure of the hydrate is equal to the vapor pressure of ice, since it is in 
oy ° ° ° . 0; ° ° 
equilibrium with it. If >P,/P?® is greater than 1, then all the ice will be converted 


i 
to hydrate at equilibrium, and the vapor pressure of H.O above the hydrate will be 
less than the vapor pressure of ice. Since the composition of the hydrate does not 
change appreciably when the pressure is increased, the Gibbs-Duhem equation 
can be integrated to give 


ag = QAO (6) 


where n is the mole ratio of water to gas in the hydrate, ayo is the activity of H,O 
relative to ice, and a, is the activity of the gas relative to the dissociation pressure 
of the ice-hydrate-gas equilibrium. 

This equation becomes important if ammonia is present. Ammonia forms two 
hydrates, NH,sOH and (NH,4).O, both melting at 194°K, which are stoichiometric 
compounds’ and different in structure from the gas hydrates. The NH,OH and 
(NH4)2O0 can be decomposed to solid or gaseous NH; if the vapor pressure of the 
water is lowered by hydrate formation. These equilibria are somewhat involved 
and therefore will not be discussed here. 
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Dissociation Pressures of the Hydrates.—The dissociation pressures of the ice- 
hydrate-gas equilibrium have been measured for only a few hydrates, and in these 
cases only in the temperature range of about —12 to 0°C. In order to discuss 
properly whether hydrates occur in the solar system, several hydrates were meas- 
ured at lower temperature.’ Only the results will be given here. 


Hydrate Dissociation Temperature range 
pressure measure 


Methane logiPatm = —9474.4/T 7 175-207°K 
Ethane logiPatm = —1381.1/T + 5.7262 161—-243°K 
Ethylene logioPatm = —1278.3/T + 5.410: 163-240°K 
Acetylene logioPatm = —1163.9/T + 4.9955 158-231°K 
Carbon Dioxide logiPatm = —1121.0/T + 5.15: 175—-232°K 


It will be necessary to extrapolate these equations to temperatures lower than 
measured, but above about 80°K the error of the extrapolation should be less than 
the error of the astronomical data. At temperatures below about 80°K the gas 
hydrates may decompose to give the empty hydrate lattice instead of hexagonal ice. 
If this occurs, then the dissociation pressures of the hydrates will be much lower 
than predicted by these equations. 

We shall also need the dissociation pressures No and OQ, hydrates, which only 
recently have been shown to exist.? Since the ice-hydrate-gas equilibrium has 
not been measured for these hydrates, we will use the AH’s obtained from a sta- 
tistical mechanical calculation® and the dissociation pressure at O°C, giving 
approximately 

Nehydrate: logiPatm = —763/T + 4.996 


O». hydrate: logiwPatm = —785/T + 4.951 
Arhydrate: logiPatm = —719/T + 4.654 


Hydrogen sulfide, which forms a Structure I hydrate at low pressures, is suffi- 
ciently abundant to contribute appreciably to the stabilization of the hydrocarbon 
hydrates. Structure I hydrates are also formed by Kr, Xe, H.Se, PH;, AsH3, SOx, 
and N.O. These compounds would not contribute appreciably to the stabilization 
of gas hydrates in the solar system because they have low cosmic abundances or are 
unstable. However, these compounds would be encaged in mixed hydrates of the 
more abundant gases. 

Uranus, Neptune, and Pluto.—Very little is known about the density or com- 
position of Pluto, so little can be said about the possibility of hydrates on this 
planet. 

Uranus and Neptune have densities of 1.56 and 2.22 respectively, indicating that 
most of the hydrogen and helium escaped before these planets condensed. Brown!? 
has proposed a model for these planets which assumes a metallic core, a layer of 
silicate surrounded by a layer of HO, NH3, and CH,, and an atmosphere of Ho, 
He, and Ne. Using more recent values of the cosmic abundances,!? the HsO, NHs3, 
and CH, would be in the mole ratio of 1.0:0.1:0.4. 

The temperature at the cloud layer on Uranus is about 90°K, and the partial 
pressure of methane is about 0.1 atm.'! The dissociation pressure of methane 
hydrate at 90°K is 2 X 10-®atm. Therefore, if any ice is located near the cloud 
layer, methane hydrate would form. This would also be true if any water exists at 
greater depths in the atmosphere. The same considerations apply to Neptune, 
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In the ice-ammonia-methane part of Uranus and Neptune, we consider the 

reactions 

7H2O¢) + CHaa = CH,:-7HO. AV ~ —2.5 cm?/mole HO 

HO.) + NHaxs = NH,OHe) AV ~ +2.3 cm*/mole 

NHasy + NH,OHe) = (NH4)20¢ AV ~ —5.6 cm?/mole 
which have been written for 173°K. At pressures above about 1000 atm the 
stable compounds are liquid methane, methane hydrate, solid ammonia, and 
(NH,).O. Higher pressures will stabilize methane hydrate and (NH4).O because 
the volume decreases when they are formed (negative AV). 

At higher temperatures the methane hydrate is still stable, but the NH; and 
(NH4)20 would melt. This liquid, in contrast to the solids, can have any per- 
centage of water, but it would be close to 100% NH; because the water is drawn off 
to form methane hydrate. 

At pressures greater than about 20,000 atm, methane hydrate may become un- 
stable relative to methane gas and the high-pressure forms of ice. It is not possible 
to estimate the stability of methane hydrate at these high pressures because the 
compressibility of methane hydrate is not known, and high-pressure forms of gas 
hydrates may exist. At temperatures near the critical point of water, methane 
hydrate may be unstable.'* 

If the temperature is not too high in the water-methane-ammonia layer of Uranus 


and Neptune, then most of the water would be combined with methane as the 


hydrate, and this would be the case until the pressure is sufficiently great to make 
the hydrate unstable relative to liquid (or solid) methane and the high-pressure 
forms of ice. 

Jupiter and Saturn.—Most considerations of the composition of Jupiter and 
Saturn assume that the abundances of the elements are close to that of the sun; 
that is, mostly hydrogen and helium.'* The cosmic abundances!” of hydrogen, 
helium, and oxygen (relative to silicon 10°) are 3.2 K 10", 4.1 & 10° and 3.1 X 
107, respectively, so that Jupiter and Saturn would be composed of at least 1% 
water by weight. Since it is likely that some of the hydrogen and helium escaped 
before these planets condensed, the figure for water might be several fold higher. 
The location of this water is unknown. Although most of it may be deep in the 
interior of the planet, it is possible that some of this water is frozen out beneath the 
observable cloud layer, which is probably solid N Hs. 

The temperature at the cloud layer of Jupiter is estimated to be 165°K. The 
partial pressure of methane (corresponding to 1.5 X 10¢ em-atm) is 2.8 & 107? atm, 
and the partial pressure of hydrogen is estimated from cosmic abundances to be 
6.3 atm (2.7 X 107 cm-atm).'' The dissociation pressure of methane hydrate at 
165° K is 13.4 K 10-2 atm. This pressure of CH, is not sufficient to form a hydrate 
if ice were present at this level. However, hydrogen will stabilize methane hy- 
drate. The hydrate of hydrogen has not been prepared, but its hydrate forming 
ability can be estimated to be about 1/50 that of CHy.'!° This corresponds to a P° 
in equation (5) of 6.7 atm at this temperature, so the 6.3 atm of hydrogen is probably 
sufficient to stabilize the methane hydrate. Furthermore, any ethane, ethylene, 
and acetylene that is present will stabilize the methane hydrate, as can be calculated 
from equation (5). The presence of these Cy hydrocarbons is not unlikely, since 


they are easily produced by electric discharges in model atmospheres of Jupiter.’ 
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Zabriskie” estimates from the quadrupole lines of Hy, that the hydrogen pressure 
at the top of the cloud layer is 0.13 atm and the temperature is higher than 170°K. 
This low hydrogen, methane ratio inplies that the water content of Jupiter is much 
higher than calculated assuming solar abundances. Hydrates would not form 
assuming these conditions at the top of the clouds. A mixed hydrate of methane, 
hydrogen, ethane, etc., might still form at lower levels of the atmosphere, but this 
would depend on the location of the ice and the structure of the atmosphere, about 
which very little is known. 

The same considerations apply to Saturn. The lower temperatures on Saturn 
would make the hydrates more stable. 

The Rings of Saturn.—The rings of Saturn are generally considered to be frost on 
particles of silicate dust or finely divided ice.'* The black-body temperature in the 
region of Saturn is about 80°KX, and the rings are probably close to this temperature. 
The dissociation pressure of methane hydrate is 1.1 X 10~7 atm at this temperature. 
In a mixed hydrate of methane and ethane with 1% ethane in the gas phase, the 
total pressure over the hydrate would be 3 & 10~" atm. The escape of gas from 
the rings of Saturn is a complex problem and will not be examined here, but it 
seems possible that gas hydrates may still be present if they were initially formed 
from hydrates. The presence of hydrates in the rings of Saturn might be detected 


by infrared observations, since the lattice vibrations of gas hydrates are likely to be 


different from hexagonal ice.!% 

The Satellites of Jupiter and Saturn.—The satellites Io and Europa of Jupiter 
have a density and diameter about that of the moon, and these satellites probably 
consist mainly of elements of the silicate and iron-nickel groups. Their high 
albedos of 0.57 and 0.60 indicate that the surface may be ice. The satellites 
Ganymede and Callisto of Jupiter have lower densities and probably contain much 
more water.!!) 8 The black-body temperature of these satellites is about 100°K 
and the dissociation pressure of CH, hydrate is 2.56 X 10~° atm at this temperature. 
Methane has not been observed on these satellites, but this amount would not have 
been detected. The satellites of Saturn all have low densities and are probably 
composed mostly of water (and ammonia). The black-body temperature is about 
80°K. The dissociation pressure of methane hydrate is 1.1 X 1077 atm at this 
temperature. 

Methane hydrate should be present on these satellites provided all the methane 
did not escape before these satellites were formed. This is likely since Titan is 
observed to have an atmosphere with 2 X 10¢ em-atm of methane.”? This corre- 
sponds to 2.2 & 10~* atm, which is 104 times the methane pressure necessary to 
form methane hydrate. Therefore, there seems little doubt that the water on 
Titan occurs as methane hydrate rather than ice. Since methane did not escape 
before this satellite was formed, the same is probably true for the other satellites of 
Saturn and Jupiter. Although most of the methane has escaped from the atmos- 
pheres of these other satellites, the methane in the hydrate of the interior would 
diffuse slowly to the surface. Therefore, it seems likely that a large fraction of the 
mass of these satellites is methane hydrate. 


Venus.—The recent observation by Strong?! of water bands in the infra-red im- 
plies that the clouds of Venus are ice crystals. Sagan®* estimates the temperature at 


the top of the cloud layer as about 230°K and the partial pressure of CO. as 0.03 atm. 
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The dissociation pressure of carbon dioxide hydrate is 1.90 atm at 230°K. While 
carbon dioxide hydrate will not form under the given conditions of temperature and 
pressure nor at lower levels in the atmosphere, it is possible that a mixed hydrate 


could form. Nitrogen and argon are probably present in the atmosphere, but both 
of these are poor hydrate formers. Nitrous oxide is about as good a hydrate former 
as CO., but only a few parts per million of N2O could be present. The only reason- 
able compound that might aid in forming a hydrate is sulfur dioxide. The dis- 
sociation pressure of sulfur dioxide hydrate is given by the equation”® 
logyPatm = —1764/T + 5.964 

which predicts a dissociation pressure of 0.02 atm SO, at 230°K. Sulfur dioxide has 
apparently not been looked for on Venus. The partial pressure of sulfur dioxide 
could not be more than a few per cent of the carbon dioxide pressure, and it may be 
much lower because it can react with rocks to form sulfites and sulfates. Therefore, 
a mixed hydrate would not form under the assumed conditions. 

The dissociation pressures given for carbon dioxide (and sulfur dioxide) hydrate 
refer to the formation of the hydrate from hexagonal ice and the decomposition of 
the hydrate into hexagonal ice. The dissociation pressure will be lower if the 
hydrate is formed from ice of a structure different from the stable hexagonal form. 
The lowering of the dissociation pressure can be calculated from equation (6). If 
the metastable ice has a vapor pressure of 1.9 times that of hexagonal ice and n is 
taken as 7, dissociation pressure of the hydrate will be lowered by a factor of 89. 
If such a form of metastable ice were present on Venus, then CO, hydrate could 
form. 

This possibility may well affect the problem, since ice grown from the vapor has 
crystal habits such as plates, needles, hollow prismatic columns, dendritic crystals, 
and prismatic columns depending on the temperature of growth.24 The vapor 
pressures of these forms are not known, but they must be larger than hexagonal ice. 
Carbon dioxide hydrate when formed from hexagonal ice decomposes into 
hexagonal ice. Whether the hydrate formed from a metastable ice would decom- 
pose into hexagonal ice, a factor which would in effect raise the dissociation pressure 
of the hydrate to the hexagonal ice value, or back into the metastable ice would 
require experimental test. 

It appears then that carbon dioxide hydrate (or a mixed carbon dioxide-sulfur 
dioxide hydrate) is possible on Venus, but its occurrence would depend on the 
structure of ice in the clouds and/or any revisions of the temperature and pressure 
from the presently estimated values. The presence of hydrate might be able to 
account for the polarization of the reflected sunlight from Venus™ which is not 
completely explained by ice or water droplets.!') 2? 

The Earth and Mars.—Hydrates are not known to occur in the atmosphere of the 
earth. However, at 15 km the temperature is 209°K and the pressure is 0.13 atm. 
A mixed hydrate of Ne, Oo, and argon would be stable at 21 atm at 209°K, and so 
this hydrate of air could form if a sufficiently unstable form of ice were present. 

Another factor that could favor the formation of hydrates in the earth’s atmos- 
phere would be the reaction of air with supercooled liquid water instead of ice. 
The dissociation pressure for the reaction 


Ne + NH2O cig) > No-nH,O (7) 
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between 270° and 280°K is given by the equation® 
logioPatm = —2917/T + 12.883. 


It is not likely that reaction (7) can be carried out in the reverse direction much 
below 273°K. Using this equation to extrapolate to 209°K, the predicted pressure 
necessary for reaction (7) to proceed as written is 0.08 atm. If this extrapolation is 
not greatly in error,” it would be possible for a hydrate of air to form in the high 
clouds of the earth from water droplets. 

This hydrate, which is unstable relative to ice and gas, would tend to decompose. 
However, it was observed during the measurements of the dissociation pressures 
here reported that the rate of formation and decomposition of the hydrate depended 
greatly on the heat of formation of the hydrate. Methane hydrate decomposed 
about 50 times more slowly than ethane hydrate, the time for decomposition of half 
the hydrate being about 10 hr and 10 min, respectively, at 205°K. It is likely 
that the hydrates of nitrogen and oxygen would decompose more slowly than 
methane hydrate. Therefore, it is possible that if hydrates were formed in the 
upper atmosphere, they might persist for some time in the clouds and might reach 
the ground in very cold areas. 

Scholander” has found that the gas extracted from glaciers differs slightly from 
air, the carbon dioxide and argon being high. This might be explained by the 
admixture of gas from decomposed hydrate with the air trapped in the ice. The 
carbon dioxide and argon content in the hydrate would be higher than in air, 
thereby raising these values of the air trapped in the ice. 

The atmospheric pressure at the surface of Mars is estimated!! to be about 0.09 
atm. Most of this is nitrogen along with some argon and 1.5 X 107% atm of COs. 
If we use a value of 180°K as the temperature of the polar ice cap, then the dis- 
sociation pressures of carbon dioxide, argon, and nitrogen hydrates are about 0.088, 
4.6, and 5.7, respectively. The pressures available are not sufficient to form a 
mixed hydrate of COs, argon, and nitrogen from ordinary ice. However, if unstable 
forms of ice are available, as discussed for Venus, a mixed hydrate might form at 
the polar ice cap. 

The discussion of the possibility of hydrates in the earth’s atmosphere also 
applies to Mars. The presence of metastable ice or water droplets would permit 
the formation of hydrates. 

It is interesting to note that the minimum temperature to which water has been 
supercooled in the absence of nuclei (about 230°K)*4 is close to the temperature 
(226°K) at which reaction (7) will proceed with 1 atm pressure of nitrogen. The 
temperature for reaction (7) with | atm of air would be somewhat higher. It is 
possible that a hydrate of air will crystallize spontaneously much more rapidly than 
ice from air saturated water. If this is the case, then the minimum temperature 
to which water has been supercooled is due to hydrate formation instead of the 
spontaneous crystallization of ice. This point could be tested by supercooling 


experiments in the absence of air and in the presence of different hydrate forming 


gases. 
The Comets.—The comet model proposed by Whipple®* assumes that the nucleus 
contains a conglomerate of ‘‘ices’’ such as solid HoO, NH3, CH4, COs and /or CO, C, 


and C; hydrocarbons and other material volatile at room temperature, along with 
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meteoritic materials. Cyanogen, HCN, and N» are probably also present. The 
comet nucleus is initially at very low temperatures (<50°K) but is heated as it 
approaches the sun causing the “‘ices’’ to evaporate. Some of these molecules are 
unstable, but Glasel has shown that acetylene, ethane, propane and several other 
hydrocarbons can be produced by the action of an electric discharge on CH4, NHs, 
and H,O at low temperatures.*® 

Since the dissociation pressures of the gas hydrates are less than the vapor 
pressures of the solid or liquid states of these gases, it is clear that the hydrates will 
form as long as ice is present in excess. In addition, the vapor pressures of nitrogen, 
carbon monoxide, and probably methane are sufficiently high at 50°K that they 
would escape from the comet nucleus in the times available unless held in the 
cavities of a gas hydrate or trapped in a noncrystalline solid. The temperatures 
and pressures at which these mixed hydrates will form can be calculated from 


equation (5) and the dissociation pressures of the pure hydrates. Carbon monoxide 


hydrate has not been prepared, but it probably has a dissociation pressure close to 

that of nitrogen hydrate. Ammonia will be present as solid NH,OH or (NH,),0. 

If °P,/P? is much greater than 1, then the water in the ammonium hydrates could 
i 

react to vield gas hydrates and solid NHs3. 

Delsemme and Swings® have proposed that CO: hydrate, CH, hydrate, C.Hg 
hydrate, etc., might be present in the heads of comets. Their argument is based on 
the necessity that these gases exist in forms with approximately the same vapor 
pressure in order to explain the constant ratios of the different molecules observed 
in the spectra as the comet approaches the sun. The argument used here is that the 
hydrates will form because the thermodynamics are favorable and the rates are 
sufficiently rapid. Their proposal must be modified in two respects. They ex- 
trapolated the water-hydrate-gas curve to low temperatures instead of using the 
ice-hydrate-gas curve. This extrapolation predicts pressures that are much too 
low, and the discrepancy becomes greater as the temperature decreases. The 
second modification is that mixed hydrates will form instead of mixtures of pure 
hydrates, because the pure hydrates are not stable in the presence of each other. 
The free energy change for this reaction is approximately the free energy of mixing, 
since the hydrate is a solid solution of the gases in a hydrate lattice. The formation 
of mixed hydrates can account for the constant ratios of species observed in the 
spectra, since it is likely that all the gases from a single hydrate crystal evaporate 
ut the same time and not as some function of their binding energies in the cavity. 
The heat of decomposition of the mixed hydrate is about 5000 cal/mole of gas. 

If it is assumed that the comets were formed from matter in the cosmic abun- 
dances, then the rare gases and possibly hydrogen and helium should have been 
present in these hydrates. The small size of hydrogen, helium, and neon may 
permit them to diffuse out of the holes in the hydrate lattice at low temperatures 
and thereby escape from the comet. However, argon, krypton, and xenon should 
remain in the hydrate and might be observed spectroscopically. 

Interstellar Space.—It is possible that some of the interstellar dust is gas hydrate. 
The equation for the dissociation pressure of methane hydrate extrapolates to 10~” 
atmat 10°K. Therefore, any methane hydrate once formed would not decompose. 
The gaseous water and methane on condensation would probably form an amor- 
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phous solid, and its rearrangement to the crystalline hydrate would be very slow at 
interstellar temperatures. A temporary rise in temperature, which could be caused 
by a low-velocity collision of two grains, might transform the amorphous mixture 
of water and methane to the hydrate.*! More detailed considerations will be 
necessary before it can be shown to be plausible that hydrates are present in inter- 
stellar space, since the effective temperature of the grains, the stability of the 
methane itself, and the effect of cosmic rays and electrons enter into this problem. 

Conclusion.—lrom the above discussion it would appear likely that gas hy- 
drates are present in several parts of the solar system. These compounds should be 
taken into account, since their light scattering and polarization properties may be 
different from ice, as well as their infrared spectra. It is possible that radio fre- 
quency adsorption and emission from gas hydrates could give characteristic and 
sharp lines. The albedo resulting from a surface layer of hydrate may be different 
from ice. The organic compounds produced by the action of various sources of 
energy on these hydrates is likely to be quite different from gas and liquid phase 
syntheses. 

The gas hydrates appear to have played a significant role in the chemistry of 
planet formation. This problem will be examined in a forthcoming paper. 

Summary.—Some properties of gas hydrates are described, and experimentally 
determined dissociation pressures at low temperatures are summarized for several 
hydrates. From these data it appears likely that methane hydrate or a mixed 
hydrate of methane, ethane, ethylene, acetylene, and hydrogen is present on Uranus, 
Neptune, the satellites and rings of Saturn. This hydrate is possibly present on 


Saturn, Jupiter, and the satellites of Jupiter. A carbon dioxide hydrate or a mixed 


hydrate of carbon dioxide and sulfur dioxide is possible on Venus, but metastable ice 
would have to be present in the clouds. A mixed hydrate of nitrogen, carbon 
dioxide and argon may exist at the polar caps and in the atmosphere of Mars, but 
this possibility also depends on the presence of metastable ice. Hydrates of air 
may be formed in the high clouds of the earth either from metastable ice or super- 
cooled water. A mixed hydrate of methane, carbon dioxide, ethane, ete., is likely 
in the comets. It is possible that hydrates are present in particles of interstellar 
dust. 


The author wishes to thank H. C. Urey for helpful comments and criticism. 
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MODES IN SEQUENCES OF LENSES 
By J. R. Prerce 
BELL TELEPHONE LABORATORIES, MURRAY HILL, NEW JERSEY 


Communicated October 2, 1961 


The optical maser makes the generation of coherent light waves possible. Such 
a coherent source will ideaily constitute a single mode of oscillation, which can in 
principle be used to excite a single mode of transmission in a transmission medium. 
It is thus of engineering interest to investigate the modes of propagation of various 
optical transmission media, and particularly the modes of a sequence of lenses. 

Goubau and Schwering have done this.'. In the present paper, equivalent 
results are derived in a rather simple manner, and three properties of such systems 


are noted: (1) The required convergence of the lenses is always such that the 
confined beam of light is stable under small displacements; (2) between lenses, the 
group velocities of all modes are equal to the velocity of light; (3) the difference 
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in the phase velocities of the modes increases as the product of the lens convergence 
and the lens spacing increases. 

In solving the problem of propagation in a sequence of identical equally spaced 
lenses, we consider the system illustrated in Figure 1. A beam of radiation sym- 
metrical about both the axis A-A’ and the center line passes through thin lenses L. 
Leaving or approaching a lens, the phase fronts W are not plane. Each lens is 
designed to change the phase just enough at each particular distance from the axis 
so that the phase front leaving the lens is just the mirror image of that approaching 
the lens. If this is achieved, one will obtain a mode for any beam symmetrical 
about both the axis A-A’ and the center line. 

The effect of the thin lens on the phase front can be calculated very simply to a 
good degree of accuracy. The problem, then, is to find a symmetrical beam. 
Some symmetrical beams will have very oddly shaped phase fronts. Thus, it is 
desirable to find beams which will have simple phase fronts. Particularly, it is 
desirable to find beams for which the phase front is very nearly spherical, for the 
proper lenses for such a beam will be very nearly lenses with spherical surfaces. 


Ribatns 2 a ewe 


| 


| 
| 
| 
| 
| 
| 
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Fig. 1. 


Further, different beams with essentially spherical wave fronts will be modes of the 
same array of lenses, so that by specifying a cylindrical or spherical phase front it is 
possible to seek out a family of modes. 

All the results that are worked out for this case can be obtained from the results 
of Boyd and Gordon,? who solved the electromagnetic problem by diffraction 
theory. In this paper, approximate solutions of Maxwell's equations are found 
directly. 

Let us consider Maxwell's equations in Cartesian coordinates. Let V be any 
Cartesian component of Eor H. Following Schelkunoff,’ 

o’7V ( . via Fr v) ; 
ee ee EP = - = ,, 
02? J J 
Bo? = wpe. (2) 

We will be interested in solutions of a wave nature for which quantities vary 

with z approximately as exp(—Tz), the propagation constant [ varies slowly with 


« ¢€ 


distance, and T differs little from 78), where 8 is the phase constant for a plane 
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electromagnetic wave. Accordingly, as a suitable approximation we will replace 
differentiation with respect to 2 with multiplication by —T. We will then solve (1) 
for 8, assuming that the other terms on the right are small compared with 69? and 
retaining only the first two terms of the expansion of the square root. We obtain 
: — OV /dxr? + 0?V/dy? a 
—I — 780 | + a ° (.>) 
2807} 

Let us now assume that we always take the z-axis normal to a phase front. 
Aiong the phase front, the magnitude of V will change, but not the phase. Let 
dV /dy and d?V /dy? be total derivatives moving along the phase front. Then we 
find that 

OV aV , dzoa (dV OV dz dz\? 0?V = d*z OV 
ne = ae = : (4) 
Ov” dy? dy Oz \dy Oz dy dy] Oz dy? Oz 
Let C be the curvature of the phase front in the y-z plane. Then, near the axis, 
dz (" 
Y, 
dy 
dz 
dy? 


(6) 


Because —T is very nearly equal to —j@ in (4), we will replace partial differenti- 
ation with respect to z by multiplication by —j@. From this and from (5) and (6), 


we obtain 


0?V d?V : dV ‘ " 
— By7yP7PC2Ve + JBC 2y ; + VV). (7) 


Ov" dy? ay 


We can proceed the same way with respect to 0?V/0.r?. We will assume that the 
curvature of the phase front in the 2-z plane is also C. Using the result obtained 


together with (7) in (3), we obtain 


( ees da2V /dx® + aV *) 
—T —IBy 1 — - Ce? + Y*) + sas 
2 287} 


- ( 2(ydV, dy + adV =) 
+ Cli -+ 7 so ES) 


The real term on the right of (8) describes an increase or decrease of field strength 
with distance. Near the axis, where the term involving y is negligible, it is Just 
what would be expected because of the convergence of a wave of curvature C, 
assuming the power density to be proportional to VV* and the power to flow 
normal to the phase front. 

Equation (8), or a generalization of it in which the curvatures in the 2-z and y-z 
planes are different, could be used for a variety of purposes; for instance, for 
obtaining fields near an antenna or in a tapering waveguide. Here, we will use it in 
studying the propagation of one interesting field distribution, that for which 


V H.(2/a)H,,(y/aje™ ** * ¥?", (9) 
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Here, H, and H 


We may take x and y in (9) as measured along the phase front. If this is so, 


are Hermite polynomials of degrees n and m 


m 


> + d?V /dy? 2(n + m + 1) he 
- + -—, (10) 
J a a* 


Pas + yy. (11) 
We have already noted that the attenuation term in (8) merely implies power 
flow normal to the phase front. Henceforward, we will disregard this term. We 


obtain for the phase constant 8 


(n+ m+1). : Cr 
8 Bol 1 — = - — : (12) 
By-a 2Bo7a* 2 


We see that the phase constant varies with r. If this were not so, the curvature 
of the phase front would be constant. It is easy to show that in the vicinity of the 
axis 

dC l 
dz By*a4 


(13) 


We may note that as a approaches infinity, so that we are dealing with essentially 
rectilinear propagation, (13) yields 

I 

( 


+ const. 


This is just the case of a spherical wave converging toward or diverging from a 
point. 
In terms of a ray normal to the phase front, a ray defined by r as a function of 2, 


(14) 


As the field contracts or expands, the power will flow along contracting or expanding 
channels between such rays, and the scale of the field will decrease or increase. 
Thus, a in (13) can be regarded as the variable r, so that from (13) and (14) we 
can obtain a differential equation for r 

dy l 

dz” By2r? 


This can easily be integrated. If at z i ay and dr/dz 0, then 


42 ] 
a \ 1 + 
Bo7ao* 


(17 


Boao" a j 


If the lenses are to reverse the curvature of the phase front at a distance S/2 


from the midpoint between the lenses, the convergence C,, of the lenses must be 


given by 
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S 


C, = 
1 Bo?ao! + S?/4 


(18) 


It is useful to express ?/a) and r at the lens in terms of the physical parameter 
C,S. We obtain 


r/a = (1 — C,S/4)—'?; (19) 
(S/2 Bo)/*(C,S/4) “41 — C,S/4)-™4. (20) 


The lens system will maintain a narrow beam of coherent light. If this is dis- 
placed from the axis it will behave much like a ray in geometrical optics. We know‘ 
that in order for a perturbed ray to be stable in such a system of lenses, 


CYS < 4. (21) 


We see from (19) and (20) that r/a) and r both approach infinity as CS approaches 
1. The values of CS that result in confined modes range from 0 to 4, and all of 
these satisfy (21), the condition for lateral stability of the beam. 
Let us now examine the phase constant on the axis. If we substitute r as given 
by (16) for a in (12) and use (18) to express 8?a9' in terms of C,S, we obtain 
ie 2(n + m + 1)SV(4/C,S) — 1 (22) 
. ((4/C,S) — 1)S? + 42? : nes 
In (22), 8 is the only quantity on the right that varies with frequency. Hence, the 
group velocity of every mode is equal to the velocity of light at all positions along 
the axis. 
It is of interest to integrate (22) from z = —S/2 to z = S/2; this gives the total 
phase shift @ between lenses. We find @ to be 


6 = BS — 2(n + mt 1) etn V(4/C,S) — 1. 


We note that the variation of 6 with mode number increases as CS increases. 
lor given values of 8) and z, it has been shown that there is a particular value of 
ay for which r will be smallest. This value can be obtained from (16). This 


smallest value of r is 
= Vv s Bo. (24) 


For this least value of 7, 


Summary.—A simple expression is given for the propagation constant normal to 
an electromagnetic phase front. This is used to find the modes of propagation of a 
sequence of identical equally spaced lenses. It is shown that the allowable range 
of lens convergence is such as to make the beam of radiation stable against dis- 
placements. It is shown that the group velocity is the same for all modes. When 
the product of the lens convergence and lens spacing approaches 4, the radius of 
the beam at the lenses approaches infinity. 
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The writer is greatly indebted to P. K. Tien for pointing out that the results given in an earlier 
version of this paper were erroneous. 
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INFLUENCE OF PENICILLIN ON FREQUENCY OF INDUCED 
MUTATIONS*¥+ 


By WALTER J. BURDETTE 
LABORATORY OF CLINICAL BIOLOGY, UNIVERSITY OF UTAH COLLEGE OF MEDICINE 


Communicated by Wilson S. Stone, September 19, 1961 


Many agents which have been used in experiments designed to test alteration in 
mutation frequency are not too suitable for prolonged administration in intact, 
higher organisms because of toxicity or difficulty of administration. In a series of 
experiments utilizing compounds which can be used therapeutically, penicillin 
has been tested for possible effects on alteration of mutation rate in Drosophila. 

Methods.—The sc* B InS w* sc3 strain was used to detect lethals by appropriate 
crosses to st sr e° ro ca; tu 36a males after respective groups of the latter had been 
irradiated with 3,000 r (500 r/min, 100 kv peak, 1 mm Al., 25°C), raised on medium 
containing penicillin G, and exposed both to antibiotic and irradiation. The con- 
centrations of antibiotic in the medium varied from 10,000 to 80,000 u. per ml, 


and exposure was from hatching to the time of irradiation at three days of age. 
Incidence of tumors was determined in both P; and F, generations, both of which 
were raised on the medium with antibiotic for comparison to control groups. The 
first pilot experiment consisted of a single determination of mutation frequency. 
Later studies included such determinations for six successive intervals of two days 


ach after the males were irradiated when 20 hours old. 
Results—The mutation frequency was decreased significantly (Table 1) when 
cultures treated with penicillin and irradiation are compared to those irradiated 


TABLE 1 
EFFECT OF PENICILLIN ON LETHAL MUTATIONS 


Lethal Chromosomes Per cent 
Treatment mutations tested lethals 


Control l 224 0.08 
Penicillin S , 150 0.69 
3,000 r 68 , 004 6.77 
3,000 r + Penicillin 39 036 3.76 


without such prior treatment. Sixty-eight lethals among 1,004 chromosomes 
tested (6.77 per cent) were found in the latter group and 39 lethals among 1,036 
chromosomes tested (3.76 per cent) in the former. One lethal appeared among 
1,224 chromosomes tested (0.08 per cent) in the control group, and 8 lethals oc- 
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curred among 1,150 chromosomes tested (0.69 per 
cent) in the group treated with penicillin alone. 

The data for mutation frequencies during the 
various stages of gametogenesis appear in Table 2 
and Figure 1. If one assumes that the intervals 
represent successive stages of spermatogenesis from 
spermatogonia (G) to sperm (A), the frequency of 
mutations varies considerably between them. It 
is greater in stages B and C or B and D and less 
frequent in other stages. The same is true in the 
series treated with both penicillin and irradiation; 
but, in every stage, the rate is lower for those 
treated with penicillin. 


15 


STAGES OF GAMETOGENESIS 


= 3000r 
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= 3000r + Oxygen 


SUCCESSIVE 
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PERCENTAGE FREQUENCY OF LETHAL MUTATIONS 
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— 


STAGE OF SPERMATOGENESIS 
Fig. 1.—Mutation frequency during gametogenesis. 


er cent 


When the same experiment was repeated with 
all males exposed one minute before and through- 
out the period of irradiation with 100 per cent 
oxygen, the rate of mutation increased to a peak 
of 13.71 per cent (24/175) during period C, but 
the highest frequency was only 8.51 per cent (20 


PENICILLIN ON FREQUENCY OF 


235) during the same period when the medium con- 
tained penicillin (Table 2, lig. 1). 

The influence of irradiation and of penicillin on 
incidence of melanotic tumors appearing in the sé 


EFFECT OF 


sr e roca; tu 36a strain used in this experiment 
appears in Tables 3 and 4. Since the tumors re- 
gress during the larval stage and are only repre- 
sented as a pigmented residue in the imago, the 
data in Table 3 for number of tumors represent 
individuals irradiated after the tumors appeared 
and regressed with metamorphosis. Therefore 
the two irradiated groups in this table would not 
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be expected to show any differences due to irradiation. On the other hand, the 
chromosomes of the flies scored in Table 4 had been irradiated before the time the 


tumors appeared. In every instance in Tables 3 and 4, the number of tumors was 


TABLE 3 
EFFECT OF PENICILLIN ON INCIDENCE OF TUMORS 


Males Females Total 
Treatment Tumors Potal Per cent Tumors Total Per cent lumors Potal Per cent 


Control ) 867 7.03 17 769 6.11 108 1 636 6.60 
Penicillin 14 1,052 1.18 36 836 1.30 80 1,888 23 
3,000 r 53 878 6.03 15 854 5.26 98 1,732 5.65 
3,000 r 4 
Penicillin 36 1,117 S.22 33 898 3.67 69 2,015 3.42 
TABLE 4 
IerFECT OF PENICILLIN + X-IRRADIATION ON INCIDENCE OF TUMORS 


Males Females Total 
l'reatment Tumors lotal Per Cent Tumors Total Per Cent ‘umors Total Per Cent 
Control 213 $,618 ) 215 t 660 t 61 $28 9,278 + 61 
Penicillin 196 5,232 : 194 5,274 3.67 390 10,506 3.71 
3,000 r 133 +, 263 ‘ 144 £392 oad 277 8 ,655 3.20 
3,000 r +4 
Penicillin 148 +, 830 3.06 198 4,990 3.96 346 9,820 3.52 


lower with penicillin than without. When the male germ cell was irradiated, the 
number of tumor cells was reduced below the incidence of parallel control cultures 
(Table 4). No striking difference appeared between the results with penicillin, 
irradiation, and penicillin combined with irradiation. 

Discussion.—A number of investigators'~?3 have noted that the incidence of 
mutations may be altered by varying the environment during, before, or after 
irradiation. It is interesting that not all stages of gametogenesis are equally 
susceptible to irradiation and the spermatid stage seems particularly susceptible to 
damage. The experience obtained with penicillin extends these observations, and 
this drug may now be added to those substances altering mutations induced by 
irradiation. 

The evidence that the frequency of induced, lethal mutations is reduced by 
penicillin to approximately one-third to one-half the numbers obtained with similar 
doses of X-irradiation without antibiotic treatment is consistent and convincing. 
A threshold of dosage apparently exists, since no significant change in incidence of 
mutations occurred with concentrations in the medium of 10,000 u. per ml, whereas 
concentrations of 20,000 u. per ml and above yielded the effect demonstrated by 
the data contained in Tables 1, 2, and 3. No optimum dosage or correlation of 
intensity of effect with increasing concentration from 20,000 u. per ml to 80,000 u. 
per ml was demonstrated. The effect of the antibiotic cannot be explained by any 


alteration in maturation of germ cells since it is evident when results for each stage 


are examined separately. Whether penicillin will alter the natural rate of mutations 


is a question which awaits the acquisition of more extensive data. The greater 
proportion of mutations with penicillin than without, although not significant, is of 
interest. 

It is interesting that the total frequency of lethal mutations at all stages for the 
groups irradiated in 100 per cent oxygen as compared to those irradiated in air is 
not increased, although many more mutations are found in stage C when irradiation 
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is carried out in an atmosphere of pure oxygen. Apparently an increase in per- 
centage of oxygen has resulted in redistribution of mutations without increasing 
the total number, whereas penicillin has reduced the number when appropriate 
groups are compared without necessarily altering the shape of the distribution 


curve (Fig. 1). 

The atypical aggregation of cells at the larval stage which have been designated 
as tumors are diminished in the presence of penicillin, but whether this is a direct 
action or whether intermediate parameters (such as alteration of caloric intake) 
are involved is not apparent. The smaller numbers of tumors which appear when 
only one of each pair of chromosomes is irradiated suggest a nuclear site of action 
for this inhibitory effect. 

Summary.—1. The frequency of lethal mutations induced in the X chromosome 
of Drosophila by X-irradiation is diminished by administration of penicillin in 
concentrations above a threshold dosage. 

2. The diminution in percentage of mutations occurs in all stages of spermato- 
genesis tested. 

3. Although increasing the percentage of oxygen before and during irradiation 
resulted in augmentation of lethal mutations in certain stages of spermatogenesis, 
the total number was not increased above the number found in an atmosphere of 


one-fifth that amount of oxygen. 

1. Enhancement of the incidence of induced mutation by oxygen is curtailed 
by the administration of penicillin both in the stages of gametogenesis with greatest 
frequency of lethals and when all are combined. 

5. The number of heritable tumors in the susceptible strain of Drosophila used 
are also reduced both by penicillin and irradiation. 

6. Reduction in the frequency of mutation by a relatively inexpensive and easily 
available agent which is not usually toxic and can easily be administered suggests 
that mutations may be partially controlled in higher organisms and offers an ad- 
ditional means for studying the process in metazoans. 


* Aided by a grant from the National Institutes of Health, U.S. Public Health Service. 

+ The technical assistance of Mrs. Jo Kolb, Mrs. Carol Thomas, and Mrs. Eva Hegewald is 
gratefully acknowledged. 
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METAMORPHOSIS OF HUMAN AMNION CELLS INDUCED BY 
PREPARATIONS OF INTERFERON* 


By Ion GRESSERT 
THE CHILDREN’S HOSPITAL MEDICAL CENTER, BOSTON, AND HARVARD MEDICAL SCHOOL 


Communicated by John F. Enders, September 25, 1961 


In the course of assaying interferons in primary cultures of human amnion (HA) 
cells, cellular morphologic changes were observed which were correlated with the 


activity of the interferon employed. To our knowledge, such alterations have not 
been previously described. Accordingly, a preliminary analysis of the phenomenon 
was undertaken, the results of which are presented in this communication. 

Methods and Materials.—Cell culture: Preparation and maintenance of human amnion (HA) 
and human kidney (HK) cells have been previously described.';?. Maintenance medium con- 
sisted of 5% inactivated horse serum, 5% beef embryonic extract, 45% bovine amniotic fluid, and 
45% Hanks’ balanced salt solution. Rhesus monkey kidney cells were obtained from Micro- 
biological Associates, Inc. Details of the preparation and maintenance of a continuous cell 
line (WS)f derived from human amnion cells have also been previously described.* 

Viruses: Relevant data on viruses employed are as follows: 

Sendai virus (F. Davenport) allantois of embryonated egg, 27 passages 

Sindbis virus (R. Taylor AR-339) HA cells, 10 passages 

Measles virus, Edmonston strain, adapted to HA cells, 35 passages 

Poliovirus II (MEF;) chick embryo cell cultures 143 passages, HA cells, 2 passages 

Preparation of interferon: Interferon was produced by HA cells infected with Sendai virus. 
Medium from infected cultures was harvested on day 3, centrifuged at 500 rpm to remove cells 
and then ultracentrifuged at 110,000 g for 2 hours at 4°C (Spinco L. preparative centrifuge #40 
rotor). Anti-Sendai rabbit serum§ in excess was added to the supernatant fluid which was stored 
at 4° or —20°C until use. Preparations of Sendai interferon were shown to be bacteriologically 
sterile. No infectious virus could be demonstrated after inoculation of undiluted material into 
the allantoic sac of 9-11-day-old embryonated eggs and incubation at 35-37°C for 72 hours. 

Measles (HA cells) and Sindbis (WS cells) interferon preparations‘: * were similarly ultra- 
centrifuged and homologous antiserum added prior to use. The medium from cultures was re- 
moved 10 days after infection in the case of measles virus and 2 days in the case of Sindbis virus. 
Both preparations were shown to contain no infective virus. 

Assay of interferon: Interferons were assayed in primary tube cultures of HA cells previously 
incubated in stationary racks at 35-37°C for 4 or more weeks. Twofold dilutions of Sendai or 
measles interferon (2-3 tubes/dilution) were incubated with cells for 18-24 hours prior to inocula- 
tion of 100 TCIDs» of Sindbis virus which was employed with these materials as the test or ‘‘chal- 
lenge’ agent. Complete destruction of cells in control cultures regularly occurred in 3 days. 
Interferon titer was expressed as the highest dilution which protected more than 75% of the 
cell sheet in at least 1 of 2 cultures for at least 3 days after complete destruction of cells had oc- 
curred in control cultures. Sindbis interferon was assayed in essentially the same manner. In 
this instance the challenge virus was Poliovirus Type 2, strain MEF,. 

Properties of interferon; The preparations of interferon employed were found to exhibit the 
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properties characteristic of this factor,® i.e., sensitivity to trypsin, resistance to DNAase and 
RNAase; thermolability at 60°C for 1 hour; non-dialysability, and stability at a pH of 4. In 
addition they were not inactivated by antiserum against its producing virus and not sedimented 
at 110,000 g for 2 hours at 4°C. 
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Fic. 1.—(a) Uninoculated human amnion (6) Human amnion cells 3 days afser introduc- 

cells. Hematoxylin and eosin stain. 125. tion of Sendai interferon (200 interferon units) 
showing fusiform cells. H & E stain. 125. 

Results—Two to three days after the introduction of interferon (produced by 

HA cells infected with Sendai virus) into primary cultures of human amnion cells, 


Fig, 2.--Human amnion cells 3 days after introduction of Sendai interferon demonstrating fibro- 
blast-like cells; unstained. Mag. 225, 
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many of the normally polygonal cells became fusiform and formed whorls of fibro- 
blast-like cells (Figs. 1 and 2). These changes were often so marked that recog- 
nition of the original cell type was difficult. After fixation of the monolayer in 
Bouins’ solution and staining with hematoxylin and eosin the cytoplasm of inter- 
feron-treated cells appeared retracted and a number of the nuclei more oval than 
in control cells (Fig. 3). 

These changes were largely if not completely reversible. Cells resumed their 
normal appearance within 24 hours after removal of medium containing interferon, 
or spontaneously unless additional interferon was added. The extent and dura- 
tion of these changes were proportional to the initial concentration of interferon, 
as determined by the viral inhibitory titer. 

Though all primary cultures of human amnion cells to which interferon was 
added have shown this effect, with different lots of cultures some variation was 
noted in the rapidity, extent, and duration to which metamorphosis became mani- 


Y 7 f 
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Fic. 3.—(a) Uninoculated human amnion cells. (6) Interferon-treated amnion cells demon- 
Hematoxylin and eosin stain. 600. strating cytoplasmic retraction. 600. 


fest. In some experiments in which interferon was replaced when the medium was 
changed, the fibroblastic appearance lasted more than 1 month; in others the 
effect persisted for only 2-3 days. Variations were also observed which appeared 
to be attributable to the age of the cells. Older cells (1 month or more in culture) 
underwent metamorphosis more readily than younger cells. 

Preparations of interferons produced in HA cells infected with measles and 
Sendai viruses, as well as WS cells infected with Sindbis virus, were all shown to be 
capable of inducing this effect in HA cells maintained in stationary racks or in a 
roller drum. In addition, interferon produced by suspensions of human leuco- 
cytes infected with Sendai virus also elicited these changes.® 

Metamorphosis did not occur if preparations of interferon were preincubated 
with crystalline trypsin (1 mg/ml, 37°C, 1 hour). Heating at 56°C for 1 hour, 
dialysis for 24 hours at a pH of 4, ultracentrifugation, and the addition of antiserum 
to the interferon-inducing virus did not destroy the metamorphogenic effect of 
interferon preparations. ‘Tissue culture media in which interferon could not be 
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demonstrated had no effect. Although addition of interferon was regularly fol- 
lowed by spindle cell formation, similar changes were rarely observed in cultures 
of amnion cells without interferon, when the medium was not renewed, or in some 
instances when “toxic”? medium was inadvertently employed. 

The activity of an interferon preparation to inhibit cytopathic effect (CPE) 
after viral challenge was shown to bear a close relationship to its metamorphogenic 
capacity. Thus in one experiment (Table 1) it can be seen that the dilution end- 


TABLE 1 
MorpHo.Logic ALTERATIONS IN HUMAN AMNION CELLS AFTER INCUBATION WITH SENDAI 
INTERFERON ALONE AND WITH SINDBIS Virus (100 TCIDs.) 
Dilution of 
interferon 1:4 216 1:64 1:256 
Interferon alone ee * ee ee 
Interferon and sindbis 
virus ® 
Control cells no inter- 
feron or virus 
Virus alone 


O Normal cells withcat virus CPE 
@ Altered cells without virus CPE 
Virus CPE 


point of interferon as indicated by absence of morphologic change was 1: 1024. 
The same endpoint was obtained when the capacity of the interferon to prevent 
Sindbis CPE was assayed. In other experiments titration endpoints were not 
always equivalent but it was found that interferon preparations possessing a high 
viral inhibitory titer also exhibited a high morphogenic titer. In spite of this 
parallelism, however, cells which underwent spontaneous reversion to normal 
morphology after exposure to interferon continued to remain resistant for several 
days to challenge with Sindbis v'rus. 

Interferons prepared in primary cultures of chick embryo (mumps virus)’ and 
rhesus monkey kidney cells (Sendai virus)® were also incubated with HA cells. 
The former preparation had a titer of 1:32 in chick embryo cells and <1:2 in HA 
cells against challenge with Sindbis virus. It did not alter the shape of HA cells. 
The monkey kidney interferon had a titer of 1:512 as assayed in HA cells against 
Sindbis virus. Marked morphologic changes in HA cells were not observed but 
there did appear to be some cytoplasmic retraction and a few foci of fibroblast-like 
cells as compared to control cultures. 

When Sendai interferon was incubated with primary cultures of human kidney 
or WS cells, morphologic changes were not observed. Human kidney cells are, 


however, often fusiform in appearance and slight alterations may have passed un- 
noticed. 


It has been noted by Isaacs that the pH of the medium nourishing interferon- 
treated chick embryo fibroblasts was lower than that of untreated control cultures.’ 
Similar differences in pH were observed by us in the media of interferon-treated 
human amnion cells and controls. 

Isaacs and his colleagues have recently summarized the similarities between 
interferon and various substances capable of uncoupling oxidative phosphorylation. ° 
Among these are Janus Green, sodium azide, and 2-4 dinitrophenol. When em- 
ployed at concentrations suggested by Isaacs, these compounds proved toxic for HA 
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cells. Lower concentrations compatible with cell survival, i.e., 10-7 molar, 10-* 
molar, and 10~°-* molar respectively, induced no change in the normal appearance 
of the cells. 

Discussion.—The association of the metamorphogenic effect with the viral in- 
hibitory effect of interferon preparations and the similarity of their various physico- 
chemical properties strongly suggests that interferon itself and not an associated 
factor is responsible for these cellular changes. Furthermore their extent and 
duration have been shown to depend on the initial concentration of interferon. 

Though in our experiments the titration endpoint of morphologic change ap- 
peared to approximate that of the viral inhibitory capacity (Sindbis virus), it is 
possible that had other challenge viruses been employed a different relationship 
would have been found. The minimal morphologic changes observed after incu- 
bation of rhesus monkey kidney cell interferon with HA cells, despite a high viral 
inhibitory titer in HA cells (1:512), suggests that these two activities (i.e., meta- 
morphogenic and viral inhibitory) are dissociable. The virus inhibitory activity of 
rhesus monkey cell interferon for cells of human origin has been previously re- 
ported by Sutton and Tyrrell.!° It must be emphasized that the results described 
were obtained with crude preparations of interferon. Experiments in the future 
with purified materials might show that the metamorphogenic factor is unrelated 
to interferon. 

Ho has described prolonged cell survival associated with morphological altera- 
tions in cultures of human amnion cells infected with the RMC strain of polio- 
virus.'! Though these changes bear a superficial similarity to those we have ob- 
served, the time of their appearance (30 or more days following inoculation of virus), 
their irreversibility, Ho’s failure to induce similar changes with poliovirus inter- 
feron, and the association of the changes with viral infection are all differences 
that serve to distinguish these effects from those we have described. 

Several other points appear worthy of comment. (1) Transformation to spindle 
cells has been observed in HA cells infected with measles and mumps viruses.! 
The present observations raise the question whether this sort of cytopathic change, 
i.e., spindle cell transformation, may not in part be mediated by interferon, since 
it has been demonstrated that infection with these agents is followed by production 
of interferon in HA cultures.‘:7 (2) In examination of materials suspected of 
containing a virus, the presence of interferon might mask viral CPE. Under 
such conditions the cell-transforming capacity of interferon might still be ap- 
parent. Such manifestations would obviously lead to further efforts to demon- 
strate the virus itself. (3) The suggestion has recently been made that. interferon 
might be therapeutically employed in man. It would, therefore, seem of interest 
to determine whether cell metamorphosis induced by interferon or an associated 
factor may occur in vivo and if so to discover whether the change is accompanied by 
any manifestation of cellular dysfunction. 

Summary.—Preparations of several different virus-free interferons induced 


marked morphologic changes in primary cultures of human amnion within 2-3 


days. The usual polygonal configuration of the amnion cells became fibroblast-like 


and their regular arrangement was transformed into a pattern of interlacing whorls. 
The extent and duration of these effects depended on the initial concentration of 
interferon. The changes appeared to be reversible. 
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THE PATHS OF RAYS OF LIGHT IN GENERAL RELATIVITY OF 
THE NONSYMMETRIC FIELD Vj, 
By LuruHer P. E1IseNHART 
DEPARTMENT OF MATHEMATICS, PRINCETON UNIVERSITY 
Communicated September 15, 1961 


In the first two editions of The Meaning of Relativity, the fundamental tensor 
gi; is symmetric. In later editions, g;; is nonsymmetric, and in the fourth edition 
(1953) on page 134, it is written in the form 


Jii = 91 + Gti, (1) 


where g;; is the symmetric part and g;; the skew-symmetric part of g;;.. This equa- 


tion and the type of notation are used in what follows. 
Einstein in the fifth edition (1955) on page 92 characterized the paths of light 
by the equation 


ds? = 0, 
called minimal curves with the equation 


dx dx? 


qi 
g ds ds 


which in accordance with (1) becomes 


dx' dx? 


Q ij 
9 ds ds 
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Kinstein on page 137 of the fifth edition gives as the gravitational equations 


for empty space 
yh yh ‘ 

Yij.k = Qnjl tk -+- Jinl kis (3) 
where the I’s are functions of the x’s. The left-hand member denotes the deriva- 
tive of g;; with respect to 2*. Each term on the right stands for the sum of terms 
as h takes the values 1 to 4. 
When 7 and 7 are interchanged 


These types of notation are used in what follows. 
in equation (3), the resulting equation is 


wh vh 
934% >= Gnil jx “: Jini kt 


One-half the sum of this equation and equation (3) is 


a, yh h yh 
(Gi; + Qji) ys =! (inl hi => Jnil jk + Ynjl tk + Jinl Ri) 


In accordance with equation (1), this equation becomes 


yh sh | yh 1 sh 
Gij.k '/9(Gial a3 + Gnil je + GaiV in + GinTRi)- (4) 


When equation (2) is differentiated with respect to s, the resulting equation is 
dx' dx’ dat d?x' dx! dx' d*x! : 
11° as ds de dst dy Side det at 
On page 78 of the fifth edition, the equations of geodesic lines are 
’ i , dz! dz’ 


ds? ds ds 


lor equations of this type, equation (5) becomes with changes of repeated indices 


re rh dx’ dx? da* 0 
(Gijn — Gil ix — Jil jx) = 0. 
“fe n®" ds ds ds 
When 9;;,. is replaced by its expression (4) written in the form 
yh \ sh wh vh yh sh yh yh > 
Jin = olgin(Ts,; e 9) = J jn( V2; = 9) + gia(T;; = 9) = Gin( Ty; a Vie) I, (6) 
the resulting equation is 
: x Re Oe dx 
olga(T:; tal 1.) =- J jn\ rs ae ix) | 
ds Ss ds 


Since this equation is satisfied identically, it follows that the paths of rays of light 
are minimal geodesics in nonsymmetric fields. 
This constitutes the result of the study in this paper. 


In the paper in these PROCEEDINGS, 46, 1093-7, it was shown that in a V4, with 


symmetric field the paths of rays of light are minimal geodesics. 





A NEW TECHNIQUE FOR THE CONSTRUCTION OF SOLUTIONS OF 
NONLINEAR DIFFERENTIAL EQUATIONS* 
By JURGEN Moser 
INSTITUTE OF MATHEMATICAL SCIENCES, NEW YORK UNIVERSITY 
Communicated by Richard Courant, September 8, 1961 


1. The General Method.-Among the constructive existence proofs in analysis, 
Picard’s iteration method is best known; it furnishes the construction of the solu- 
tions of many nonlinear problems in the theory of ordinary and partial differential 


equations and other branches of analysis. This method consists of the con- 


struction of the solution uw by approximations u, with the following properties: 
They are elements of some normed space. In the norm of this space, the inequali- 
ties 


Uns — Unl S OUn — Un—i fore = b.2.. 2. (1) 


with a constant @ in 0 < @< 1 should hold so that one can establish the convergence 
of the approximations wu, to an element u which represents the solution of the prob- 
lem. 

In many applications (we will discuss a class of such cases below) this method 
fails, however, because of a phenomenon which may be described as “loss of deriva- 
tives.” To be more precise, we consider u, v, u, as elements of a function space, 
i.e., as r-times differentiable functions of the variables x (x1, Y2, ..., %q) ranging 
in an open set S. As norm we introduce 


Max sup |D?v(x)), 
Ospsrz CG S 


where D’ denotes any derivative of order p. The difficulty frequently encountered 
is the following: In the attempt to construct successive approximations it may 
occur that one can estimate |u»41 — Up|, only in terms of |uy, — Up—a}-4, Where the 
positive integer s designates the loss of derivatives. It is clear that such a process 
can not lead to an approximation of the solution, since after finitely many steps all 
derivatives are exhausted unless one works with infinitely often differentiable 
or analytic functions. In the latter case, however, the convergence of the pro- 
cedure is doubtful and in most cases divergence prevails. 

The main purpose of this note is to overcome this difficulty by a different pro- 
cedure along the following lines: First we construct a sequence of approximations 
Uo, Wi,... and require that the inequality 

ass =~ Gels < Cite — teal. (2) 
can be verified (a type of estimate which for s = 0 leads to “accelerated conver- 
gence”). Even the inequality (2) does not avoid the loss of derivatives.f This loss 
will be circumvented by an appropriate smoothing process. 

We introduce the smoothing operator 7'y which depends on the parameter N 
and tends to the identity operator J as N increases to infinity. As a first example, 
we consider periodic functions v(x) which have the period 27 in all variables 2, 
X2,..., tq and which are represented by a Fourier series 


1824 
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L 
K 


where k = (k,ko, wkqg) is an integer vector and where (k,v) denotes the inner 


product. In this case, we can define 


" 
Tw= ne”, ik = Dik, 
kisN v=1 


as the truncated Fourier series. Thus, every truncated function is analytic in this 

case. The advantage of this smoothing operator is that higher derivatives of 

smooth functions are well approximated. This is expressed by the following in- 

equalities which are easily verified: Let Ry = J — Ty be the remainder operator. 
Then one has 

ra § / 

oe ' (3) 

Ryvi, < cN* "0, > 0, s > 4) 


+S) Sun 


where c denotes a constant independent of N and v and where 6 = d + 1 for this 
truncation operator. In particular, every truncated function is infinitely often 
differentiable. 

For functions v of compact support, another example of such a smoothing operator 
has been introduced by J. Nash! by the formula 


Tw = SN*x(Nx’)o(x — w')dr’, 


where x(x) is a function whose Fourier transform x(£) is identically equal to 1 for 
t| < 1/s, identically equal to 0 for |g) > 1 and which is infinitely often differentiable 
for all real For this operator, one can verify the inequalities (3) even with 6 = 0.f 
Altogether, we need not specify the particular smoothing operator but simply 
assume the inequalities (3). 

We now shall combine the assumption of accelerated convergence with an appro- 
priate smoothing process to achieve a convergent approximation. We assign to 
the index n, describing the step of the approximation, a number V,. We assume 
that we can construct a sequence of functions wu, and v, such that 


ass — Me = Pred 


are the truncations of v, and therefore infinitely often differentiable and such that 
the inequalities 


| { ar2s 2 r—AnrA+t ) ‘ 
nyt — Male S CLNG Un — Mealy + Ng Ng 11; = as (4) 


n | n 


hold, where \ ranges over a large interval 0 < \ < ¢and ¢ is independent of n, u, 
but might depend on X, r, s, t. The inequality(4) is an appropriate generalization 
of (2) and we postulate its validity. In the next section, we shall show how such 
Sequences Up, VU, can be constructed, e.g., by Newton’s method and taking for v, 
the solution of the linearized equation. 

It is easy to show that this sequence u, converges in some derivative norm if one 


chooses 


Naw = Nj, where 1 < xk < 2, No > 1, 
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and if \, Ny are chosen large enough and |u; — wol, sufficiently small. For this 
purpose, we show that 
Nea Ung — Unlr = Snags 
remains bounded for some » > 0. The relation (4) takes the form 
< of NEO DeGe 4. NH HAN) 


Since | < « < 2, one can determine first » > 0 and then \ > 0 so large that 


2s + (kx — 2)u < O, u>O0/] 


((+«y) + (1—«aA < —x« | 


holds. Then one has 


If one chooses 


one finds indeed 
for n 


which proves that 


tends to zero as n > ©. We fix x, uw, \ according to (5) and p > 0, so that the 
dependence of c on \ becomes irrelevant. Hence, for 


(6’) 


al S c’N —~ # 


. n+l1- 
ven+l1 

These remarks contain the framework of the new method. To apply it in con- 
crete cases, it is essential to establish an iteration procedure complying with the 
inequality (4). In the following, we want to give an example where such an 
iteration can be constructed. The main point in the inequality (4) is the fact that 
Un — Up-1|, enters quadratically (or with an exponent >1), which is reminiscent of 
‘“Newton’s method.”’ The second term in (4) is due to the error term in the 
truncation and it is for the estimate of this term that the second inequality in (3) is 
needed. This will be illustrated in the following application. 

2. An Implicit-Function Theorem.—We want to prove here a general implicit- 
function theorem similar to that formulated by J. Schwartz? in generalization of a 
result of Nash.' In the construction invented by Nash (and used by Schwartz), 
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the essential features are hard to isolate. The advantage of our method seems to 
lie in the relatively simple principle which consists essentially in the following: 
To find an approximating sequence satisfying (4), we use Newton’s method, i.e., 
we solve the linearized equations and truncate the functions so obtained. The idea 
of using a method like Newton’s was first proposed by A. N. Kolmogorov** and 
Arnold®s* in connection with an existence proof for almost-periodic solutions of 
Hamiltonian systems. This paper stimulated the present work. The proof of 
Kolmogorov’s result, however, is still not available in the literature. 

Let U, (k = 0, 1, 2,...) denote a sequence of spaces of functions (or vector fune- 
tions) with a derivation norm |u|,. We consider a (nonlinear) functional f(u) 
which is defined for some set in U, and which belongs to a function space §, with a 
derivative norm p. Moreover, a truncation operator 7'y with the properties (3) 
is required in U,. 

It is the aim to solve the equation 


flu) = 0, 
assuming that an approximate solution uw» is known for which 
f(uo) p= e (8) 


issmall. The equation (7) might be a partial differential equation if f is a function 


of finitely many derivatives of u. In this special case, we would need for f to depend 


sufficiently smoothly on wu and its derivatives. Such smoothness assumptions will 
be contained in the following hypotheses. 
Let 
lim ¢-'(f(u + tw) — f(u)) = f’(we 
t—0 
exist for appropriate u, v and define the operator f’(w). We will assume that the 
“linearized equation” 
y Be aS 
f'(ujv =h (hE &,) 
can be solved for v= Lh E€ Uy (r’ <r). The solution of the linearized equation 
need not be unique, but we denote the particular inverse of f’(w) chosen by L = L(u) 
and make the following assumptions: 
(1) For any u in 
(9) 

f(u) lies in §, where r — p = a9 > 0. Moreover, f’(w) is defined as a linear operator 
mapping v € U,4,, intoh € &,, and the inverse operator L(w) chosen is a linear 
operator. If 

‘(uv =h (10) 
we have 

a~"Dhi, < < alvlp+e,59 


f o 


where o— < p, o+ represent derivative losses, 


(2) In ju + w— wl, < am}, |u — wl, < aa! one has for w ¢ 
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fu + w) — flu) — f'(u)u|, < alwi?. (12) 


(3) Finally, if w satisfies 


— Wi ,4 a~1N* forsome N > landO <A < 4, (13) 


then, L(u)f(u)| pan S aN* (14) 


should hold for 0 < \ < ¢, where ¢ depends on oo, ¢+, o— and the smoothing operator 
and will be specified below (see (19)). 
THEOREM 1. Under assumptions (11), (12), and (14), the equation 


f(u) = 0 


| 


has a solution u u* © U, af |f(uo)|, 7s sufficiently small. The estimate for | f(uo)| , 


de po nds on a,r, p, o+, o—, 6, and the smoothing operator. 
Proof: We construct the approximating sequence u, by applying Newton’s 
method: wo denotes the given approximate solution. For n > 0, we define 
Unsi — Un = Trvasvn; (15) 
where v, is defined as in Newton’s method by 
Un = —L(uUn)f(Un) (16) 
so that f, + f,’v, = 0. For brevity, we write f, = f(Un); fr = f’(un), Ln = Lun). 
The sequence N, is again defined by V,.;5 = Ni, 1<«<2,No> 1. We choose n* 
rhs op: . 
as the largest number such that ju, — uol,4, < (2a)~!N; for n < n* if it exists 
and otherwise we set n* ©, 
From (3) and (11) one has 


riy r + + ,r 2ier | 
Un+i — Unlr = 1 Nn+1Unir vd 4 . l < acN n P > 
. fh 


| n p-a 
forO0 <n < n* with 
2s = k(oo + o— + 8). 


To estimate |f,|, in terms of |u, — Up—1|, we use (12) with u = Uy,-1, Ww 
Un —1 together with (16) and find 


/ 


: re yr a 
Talo S |In-1 + Jn—1(Un — Un-1) |p + Al Un — 


/ we ) 
ie In va~1 Tn iki Nn n p Si A) Un 
| / ») 
= Ten Rvnln lip + Q\Un — Un-1 7 
- | | | ‘ 
Sa RywWn lip+eo, si Al\Un — Un-1 
far A+6-+ 1 2 ° ~ 
Sci, ** ln—tipta + [Un — Un—ils} forrA > o4 + 4, 
where c (as in the following) denotes a positive number depending on a, p, 7, o+, ¢ 
and the smoothing operator. With (14) and (16) we have for 6+ +6<A<f 
¥ T X T 6 +o T r | 2 
a eel Nu —i t+ [Un — Un-ily)- 


Combining this estimate with (17) we obtain an estimate 


r2s 4 A+é6+¢ r Xv 9 
Bm ee 8 Pah Ser Goede Nani t [Un — Un-1]?). 


n 
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of the type (4) where 


j2s = xloo + o +4) > Ol 
1 ¢ = x(2s + 6 + o+) , 


The argument of section 1 applies if we choose x, \, w according to (5), e.g. 


w= 3(oo + o +6) >0, X} = 644+ 3(e+ +64+1) =4 (19) 
and the last relation defines the function ¢ of (13). Choosing N», |u; — wo|, aecord- 
ing to (6), one has for n < n* 


nm n 
r X 728 mar es 
Un+1 — Uo r+} < pe ae oe Me bake < Cc), OL ote: i c’N,11No m 

v=0 v=0 
. 4 : r . . P ap 
for0 <r < ¢. Choosing Np so large that the right hand side is less than N,4,/2a, 
one sees that (9) and (14) are satisfied for uw = u,.; and N = N,4+4, in other words, 
n* = o, Finally, to satisfy (6’), we fix No and choose | fo), so small that’ (by (17)) 


r2al ¢ 
Ur — Uo|r S acN O/ fol, 


implies (6’). This completes the proof of Theorem 1. 

3. Uniqueness.—In the above theorem, it was not assumed that the linearized 
equation has a unique solution. We want to show here: If the solution of the 
linearized equation (10) is unique, then the solution of f(u) = 0 is unique in the 
small provided it is sufficiently smooth. More precisely: 

THEOREM 2. In addition to the assumptions of the previous section let u, © Ub, 


Uu — Uo| <a, |v — Uo} < a satisfy 


f(u) = flr), 


UU — Virt+y, <a torr = 


and assume that the inverse operator is unique. Then there exists a constant ¢ = c(a) 
such that 


implies u =v. 
Proof: From (12) applied to w =v — u one finds 
f’(u)w|, < ajwi; 


and since f'(uw =h 
determines w = Lh uniquely, one has from (11) 
< (ww, < aw a 
To show that |w|, = 0, we introduce the sequence N,, from Section 1 and set 
w, = Tr w. 
It suffices to show that wn — OJ0asn— o~, since then 


Wir S [Wale + | Rvaw], 
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< lw, |. + oe, rrr oO, 


since \ (>é6:+— 1. 
For w, one obtains from (20) an estimate of the type 


yr Qs oar2s 2 728 2 2 
< aN, |w < cane wl, < coNe (\wal, + | Rvs) 


p-a 


< cN2*{|w,|? + N2@-}, 


n 
By the same argument as above, one finds that 
Dil, Sen.” 


tends to zero provided |w»|, < ¢)w), is sufficiently small, which was to be shown. 

1. Application to the Imbedding Problem.—As an illustration of Theorem 1, we 
discuss the imbedding problem of a two-dimensional torus into a five-dimensional 
Euclidean space. For this purpose, we introduce the space $, of r-times continu- 
ously differentiable functions of two variables x, x2 with period 27 in both these 
variables. Let U, denote the space of five-dimensional vectors u(x) whose five 
components lie in $8, where |u|, stands for the maximum of the rth derivative norm 
of these components. An element of w&U, represents a two-dimensional torus in 
the five-dimensional space. The components of the first fundamental form will be 
denoted by gu(x), gi2o(x), go(x). They belong to $,-; if r > 1. We combine these 
components to a vector g(x) ranging in a space @,—, with norm lg|- 1. The vectors 
u and g are related by the three equations 


Ou Ou 
( ) tim titers (21) 
Ovk Ox; 


and the problem to be discussed is to find u for a given g. Here, we assume that g 
lies sufficiently close to a vector g for which a solution u = wu of (7) is available and 


for which the determinant 


(= Ou O7U O*u O7u ) 
A(a) det . ) ) ; 
Ou I Ox Ox}" Ox;02 2 Oa 9” 


does not vanish (i.e., the imbedding u is nowhere singular). 
We want toshow: Ifg,g © G,+4, u€ U2 for some r > 2 and if 


9—-Qg\r 


is sufficiently small, then there exists a u © U, solving (21). 
We set 


f(u) | (xp, Us)) — Yur} 
and obtain for the linearized equation 
f'(u)v } (zp. Vr) + (Uz, Vr,) } = fh, (22) 


an underdetermined system of partial differential equations. To define a linear 
inverse L, we follow Nash and add the condition 


(t... 0) 0) for k Z. (23) 
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Differentiating (23) with respect to 2, and subtracting the resulting equations from 
(22), one obtains 


—2(usxpx;, Vv) = hy fori <a p See (24) 


which together with (23) can be solved for v if A(w) # 0. This solution v defines 
Lh. 
Choosing 
p=r 2; =. = o~ = (xz $2 


and a large enough constant a, one verifies the conditions of Theorem 1. Condition 
(14) requires that g © G4, = Gra. We did not attempt to get optimal differ- 
entiability assumptions. 

Another application of the technique of Section 1 to differentiable area-preserving 
mappings has been announced at the Symposium on Nonlinear Differential Equa- 
tions, Colorado Springs. 1961, and will be published elsewhere. 

* This paper represents results obtained under the sponsorship of the Office of Naval Research, 
Contract No. Nonr-285( 46). 

t Still one could get a convergent approximation with (2) if one works with analytie functions 
u, and the norm in (2) refers to a complex domain. 

d 
t If x (£) is the characteristic function of the set ps t,|< 1 and the integration in (3*) is taken 
v= 
over one period, then (3*) agrees with the previous truncation operator. 
§ The numbers o,, «_ may both be positive as the example 
V/ 2022 = ti h 
illustrates. Here v,h are functions of z,y of period 2x with mean value zero. One verifies (11) with 
o+ = 2andc- = 5. 

1 Nash, J., ““The imbedding problem for Riemannian manifolds,’’ Ann. Math., 63, 20-63 (1956) 

? Schwartz, J., “(On Nash’s implicit functional theorem,’’ Comm. Pure Appl. Math., 13, 509-530 
(1960). 

3 Kolmogorov, A. N., Dokl. Akad. Nauk, 98, 527 (1954). 

* Kolmogorov, A. N., “General theory of dynamical systems and classical mechanics,”’ in 
Proceedings of the International Congress of Mathematics, Amsterdam, 1954, ed. J. C. H. Gerretsen 
and J. de Groot (Amsterdam: Erven P. Noordhoff, 1957), vol. 1, pp. 315-333. 

5 Arnold, V. I., Dokl. Akad. Nauk, 137, 255-257 (1961). 

6 Tbid., 138, 13-15 (1961). 


SOME ASPECTS OF THE FERMAT PROBLEM (THIRD PAPER) 
By H. 8. VANpIVER* 
ne ee nee 
Communicated September 21, 1961 


In two previous papers under the present title,! the writer discussed various 
questions concerning the statement that the equation 


af + yf+ 24 =0. (1) 


where x, y, and z are nonzero rational integers and ¢ is an odd prime, has no solutions. 
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For one thing, we sought criteria for the solution of equation (1) which involved 
rational integers only. In some cases, we found such criteria equivalent to equation 
(1), which, of course, itself involves rational integers only, but the conditions we 
found appeared for the most part much more complicated than the statement of 


equation (1). In view of this, it"might happen that Fermat’s statement will some 
day be proved correct or incorrect by using methods entirely different from those 
mentioned in Paper I and Paper II, and hence said papers would be obsolete. 
However, we shall now show that this might not necessarily be the case. 

By making certain modifications of the conditions we have found in Papers I and 
[I for the solution of (1), criteria may be obtained for the solution of a Diophantine 
equation which is closely related to equation (1), namely, 


4 yt 
: ‘8 J = ul. (2) 
x+y 


where x, y, and u are nonzero integers with ¢ an odd prime > 3.2. This is a nice 
problem too! So far as I know, no criteria* have ever been proposed which yielded 
a proof that equation (2) was satisfied under the conditions mentioned in connection 
with it for any particular f > 3. It could be, of course, that equation (2) was 
solvable for a number of values of € yet equation (1) was not solvable for each such 
(, which, in my opinion, would be a very interesting situation. We see, of course, 
that if we assume z # 0 (mod £), then relation (2) follows from relation (1) for some 
integer u. If we consider the reverse of this proposition, we see that if we start 
with relation (2), then we need the additional condition 


aty =v (3) 


Now, as far as I have observed, no published argument has established the im- 
possibility of relation (1) for special values of ¢ without using the condition in 
relation (3), or a known analogue of it when z= 0 (mod f) in (1). An examination 
of the arguments given by Kummer and the writer which yielded such results‘ 
will illustrate this. On the other hand, if we examine the argument which estab- 
lishes the criteria given on page 206 of Paper I, it may be seen that relation (24) 
there is the same as relation (3) above. Hence, we may obtain criteria for the 
solution of (2) by simply omitting the use of relations (22), (23), and (24), so we 
obtain ¢ — 2 congruences which must be satisfied instead of ¢ — 1. 

The above-mentioned criteria refer only to the case where x, y, and z are prime to 
fin (2). We now consider the relation (2) under the assumption that one of the 
integers x, y, and u is divisible by ¢. The third integer cannot be so, since the left- 
hand member with z and y prime to ¢ is never divisible by @. We assume then that 
y = 0 (mod f) in (2); then we know® that y = 0 (mod £2). We then have relation 
(26) of Paper I by omitting the value k = 0. Consequently, as in Paper I, from 
relation (26) we obtain sets of simultaneous congruences as criteria for equation 
(2), after making modifications due to the omission just mentioned. 

Concerning applications to the problem proposed in connection with relation (2), 
when y = 0 (mod £), Theorem 1 of Paper II turns out to give exactly the same cri- 
teria for the solution of our present equation (2) as was given there for equation (1). 
This is true since relation (10) on page 587 of Paper IT, which yields Theorem 1, is 
independent of relation (3) when y = 0 (mod ¢). However, when yz # 0 (mod ), 
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this is not necessarily the case, as in order to prove q(c) = 0 (mod ¢) for the primes 
c < 44,° we seem obliged to use our present relation (3). The use of relation (16) on 
page 589 of Paper II yields the criteria stated for the solution of (1). but since 
relation (3) is not used in the argument, the criteria mentioned also will apply to 
relation (2). 

As usual, we shall refer to the case where xyz # 0 (mod f) in equation (1) as Case 
I, and if y= 0 (mod @) with zz ¥ 0 (mod £) as Case IT. 

In section 6 of Paper IT (numbered erroneously! as section 7), some criteria were 
discussed based on a new method for treating Case IT. We shall now discuss such 
ideas in a more general way and point out that we can have a variety of new criteria 
in connection with both relations (1) and (2) of the present paper. The general 
idea is rather complicated, and we shall first discuss one of the simplest cases in 
order to lead up to the general notions. 

Denote by R, the ring of integers in the field defined by ¢ = e”'"’ and by R, the 
ring of rational integers. We now consider the ideal in R-. 


(¢tré + (x + cty)s®), = 


where 2, y, and ¢ are defined as before, rs ¥ 0, (rs,f) = 1, (r,sz) = 1, andr + sx # 0 
(mod ¢). As we are regarding x, y, and 2 as fixed in (1), then an infinite set of values, 
r,s, must exist satisfying these conditions. For example, we may select r as any 
prime such that it is > ¢, 7, or z, andr — 1 # 0 (mod f). Then consider the con- 


gruence 


sv + r=1 (mod £). (4a) 


Its solutions in s; are of the form ¢ + ¢v for t some integer and v any integer. Then 
select one of these numbers ¥ r which is a prime > ¢, x, or z and eall it s. Then 
sx + r by (4a) is not divisible by ¢. So this condition concerning the ideal (4) is 
satisfied. The other three conditions mentioned in connection with (4) are also 
obviously satisfied, and it is clear that the number of these sets r,s is infinite. 

Suppose that p is a prime ideal which divides the ideal (4), and further, that. it 
belongs’ to an exponent # 0 (mod @), its norm N(p) = p = 1 + cé withe # 0 
(mod ¢). We set 


€ (mod py), 


where weK;, and ((fw),p) = 1. We know * that y = 0 (mod ¢*). It may be shown 
that (¢(@ + yf),p) = 1. For if we assume (x + y¢,p) ¥ 1, then since x + y¢ divides 
z from relation (1), and the ideal (4) gives rf = 0 (mod p), contradicting (r,sz) = 1. 
Also, if (4p) ¥ 1, then the ideal (4) yields ré + s“& = 0 (mod ¢). This givesr + 
sx = 0 (mod ¢), contradicting another of our assumptions concerning (4). Then 


(: r uw) — 
= ]. (0) 
p 


for any ain the set 0,1, ...,— 1. In view of the fact that the ideal (4) is divisible 


we have’ 


by p, then it gives for a 0 (mod @), 
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= 7 
= (oa) 
p p 
(‘) = 1, (‘) 1, (6) 
p Dp 


since a # 0 (mod ¢). This is equivalent to the statement that (V(p) — 1)/f=0 
(mod ¢), or p — 1 =0 (mod ¢”), contradicting our assumption that p # 1 (mod *). 
Hence, the ideal (4) cannot be divisible by any prime ideal p whose norm is p unless 
p — 1 is divisible by €@. Then consequently (1) is impossible in Case IT if the ideal 
(4) ts divisible by an ideal belonging to an exponent prime to € and whose norm p # 1 
(mod £2). (Since (3) has not been involved in the proof of this statement, it follows 


whence by equation (5), 


that (2) is also impossible under the conditions just stated.) 
We shall now put this result in a form involving rational integers only. Setting the 


ideal (4) in the form 
(slr + ¢t(ré + sfy)), 
we see that its norm may be expressed as 
(xs®)f + hé 
asé +h 


where h ro + gly. 


W 


We shall now show that W = 1 (mod £2). Since y == 0 (mod @), then h = ré 


(mod ¢2), and modulo £, 
(xs)! + (ré)é 


(8) 
r6 + asf 


Consequently, if we note® that «f= x, s© = sf r© =r! (mod @), we obtain the 
result, after we note that ré + xsf=r-+ 2s # 0 (mod ¢) by assumption concerning 
(4). In view of this, it follows by an elementary theorem that W has all its divisors 
of the form 1 + jf. Hence, we may replace our result concerning the ideal (4), 
stated in italics below (6) and expressed in terms of algebraic numbers, by the state- 
ment that 7f (/) is satisfied in Case IT, then every prime divisor q of (8) has the form 
1 + gf unless said integer is divisible by qf. 

We shall now indicate how to obtain more general criteria of the above type. 
This may be accomplished by taking more complicated expressions than the ideal 
(4) but of such a character that we can apply (5) conveniently to obtain new results. 
In lieu of (4), we may consider for k # 0 (mod ¢), the ideal 


(V) = (cFAré + Bs*), (9) 


with j (a + cy)’, 
1 


where the ¢,’s are distinct integers in the set 0, 1, ..., & — 1, and the b’s are any 
non-negative integers < f, but not all zero. Also, B is an expression of the same 
type as A but such that no factor of the form x + y¢* is contained in both A and B, 
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with rs ¥ 0, (rs,€) = 1, among other restrictions depending on the particular values 
of A and B. 

We may now proceed to obtain a generalization of the relation (5a) by considering 
a prime ideal factor q which divides (V), and using (5) for various values of a, 


we note that 


(*") : (**) 
q : q 


ee: me ae 
giving (©) = |, which yields a contradiction as in (6). 

If we now proceed in a way similar to that employed in obtaining relation (8), 
we find in general a much more complicated expression than (8), and it is not clear 
that the norm of V will have all its factors of the form 1 (mod ¢). However, this 
situation will hold in a number of special cases, as, for example, the special case 
treated in the last paragraph of Paper IIT. This is a case where V is taken as the 
number obtained when we put k = —1,4 =x+ty,r=a,B=xr+y,s8 = b. 
There is still another particularly simple case, namely where A = x and B = x + y 


in (9), which then becomes 
(rec* + (x + y)s*) (11) 


under the assumption that ré + xs # 0 (mod ¢), or r + sx # 0 (mod ¢). Using 
xf! = 1 (mod 2), we find that the norm of (10) is = 1 (mod &), and we may 
obtain a result similar to that derived in connection with (7) and (8). 

Let us consider the application of the method just discussed to equation (2). 
Suppose in relation (9) we limit both A and B to products which do not involve the 
factorx +y. Then the expression (9) does not involve x + y at all, and in applying 
(5) we do not use (3); hence, we obtain new criteria for the solution of (2). 

We now note that throughout our discussion of (1) we have employed expressions 
of the form x + y¢*. Using (1) in the form 


b+ yl = — 2b, 


we see that we may replace x by z in our arguments and results, or, in particular, 
x + yo" by z + ye’. 

In Paper II we discussed on page 590 (and also in the present paper just above 
relation (10)), principal ideals which yielded a criterion, involving rational integers 
only, for the solution of (1) in Case II. In the present paper, we have discussed the 
principal ideals given by (4), and in connection with this, and the other ideals just 
mentioned, the selection of two integers, r and s in the present paper and a and 6 in 
Paper II, was involved. As already indicated, the selection of r and s in connection 
with (4) will yield an infinity of suitable values for r and s. This is also true in 
connection with the Paper IT principal ideal and will probably hold also for many 
of the numbers defined in (11) (ef. the form (12) given below). As already noted, 
each of these numbers will yield criteria that (1) of the present paper is impossible in 
Case IJ. A similar remark holds for the ideal just referred to in Paper IT and 
relation (11) of the present paper. Now as the number W increases by selecting 
various values of r,s, then the numbers in relation (7) increase rapidly, but owing 
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to the increased density in composites thereby obtained, there should be, in general, 
an increase in the cases where we find divisors of the form above-mentioned having 
the property of showing that relation (1) is impossible in Case IT. 

We shall now note that we can specialize the form (9) in many other ways different 
from those illustrated in (4) and (11) and obtain other expressions of the type (4) 
which contain only one power of ¢. Consequently, they yield a norm of the 


general form 
gé + hé 


‘ (12) 
g+h 


with g,heR;, and we know that all divisors of such integers are = 1 (mod f) unless 
g + h=0 (mod £). 

We shall now consider results related to the above but obtained from a bit 
different standpoint. Here, instead of obtaining certain rational primes as divisors 
of certain arithmetic forms of the type W, we begin our investigation by selecting a 


prime ¢ of the form 1 + cf with ¢ # 0 (mod ¢). Suppose, then, that we consider the 
conditional congruence, if t belongs to an exponent # 0 (mod ¢), with A and B 


defined as before, 
Aw = B (mod ft), (13) 


where wef, and t is a prime ideal divisor of (t). It will follow that w can be written 
in the form p", where h is in the range 0,1, ...,¢ — land pis a primitive root of t, 
and just one solution exists for the congruence (13). If, however, we consider h in 
that form, then we know from our discussion of relation (9) that if h # 0 (mod ), 
this is impossible. Hence, all possible solutions of the relation (13) have the form 
p*f fork = 0,1, ...,¢ — 1. There are just ¢ of these values. On the other hand, 
there are fc — c other values which cannot satisfy a congruence of the form (13), uf (1) 
holds in Case IT. 

In a previous paper,'! I expressed opinions, concerning the statement of Fermat, 
as to whether relation (1) was true or false. (The reason this was done was because, 
as stated elsewhere, I have been questioned so often by mathematicians concerning 
this.) It was said there that I was definitely of the opinion that the statement is 
true in Case I, and a number of reasons for thinking so were given. In connection 
with Case II, my opinion was that I thought the theorem was also true, but the 
reasons given there did not seem as convincing as the reasons stated in connection 
with Case I. At the present time, however, in view of results proved in the present 
paper concerning relations (7), (9), (11), and (13), as well as criteria obtained on 
page 587 (Theorem I) and the top of page 590 of Paper II, J am now definitely of the 
opinion that Fermat's statement involving equation (1) ts entirely correct.'* 


* The author’s work on this paper was done under Basic Research Grant 8238 awarded him by 
the National Science Foundation. 

' Vandiver, H.8., “Some aspects of the Fermat problem (first paper),’’ these PROCEEDINGS, 47, 
202-209 (1961), henceforth in this paper to be referred to as Paper I; ‘Some aspects of the Fermat 
problem (second paper),’’ these PROCEEDINGS, 47, 585-590 (1961), henceforth in this paper to be 
referred to as Paper IJ. In Paper I please note the following errata: Page 204: denominator 
in relation (4) should be a; second line below relation (4a), ¢” printed incorrectly; exponents in 
relation (10) should be omitted. Page 205: in 2nd and 3rd line below ‘* *) change “divisible by 
m’”’ to read “== 0 (mod m)’’; 2nd line below relation (13), change ‘(6) to “(10)”; in 2nd line 
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above relation (14), change the right side of the equation to “(p),’’ instead of “‘p,’’; correct relation 
(15) to read “x + y¢ = p4, (mod p,)’’; in relation (17) change the last “=” to “+.” Page 207: 
line 5, change ‘“‘prime’”’ to “primary”; line 8 from bottom, change position of parenthesis in sub- 
script, thus: ‘‘B:¢_s)/2’’; 2nd line above (26a), replace “¢’”’ by “¢?."" Page 208: on line 22 change 
“Ry” to “R,’’; in footnote 3 insert the word “known”’ between “three” and “values’’; footnote 4, 
change ‘‘26,000”’ to ‘‘100,000.”’ In Paper II please note the following errata: Page 588, Ist line 
below relation (12), change “(f-1)/2”’ to “(4-3)/2”; page 589, 2nd line from bottom, change “‘7.”’ 
to “6.”; page 590, 2nd line from top of page, change the equation “(af + bé.r) = 1. to “(aé 4+ 
b¢¢) = 1.” 

? Let us examine the case f = 3. Relation (2) is then solvable. We are led to the solution by 
making the assumption that y = 0 (mod ¢); whence we have 


(14) 


We may then set 


where dp and a; are rational integers, as the unique form of such an integer. This gives from 


and (15) 


Y = 3ap2a, — 3aoa;?, 


where the a’s are arbitrary nonzero rational integers. These values obviously satisfy (14) and 
therefore (2) for é = 3. If we take ¢ = 5 in (2), however, and proceed as we did in the case ¢ = 
3, we shall find separate values for z and y in terms of four quantities, which quantities, however, 
must also satisfy two others equations which do not involve x and y. This raises a problem which 
does not look simple. 

3 Further than this, I have not noted in the literature on the Fermat problem any criteria at all 
given for the solution of equation (2), exclusively, with the exception of my paper in 1919, “A 
property of cyclotomic integers and its relation to Fermat's last theorem,’’ Ann. Maih., 21, 73-80. 

4H. S. Vandiver, ‘““Fermat’s last theorem,’’ Amer. Math. Monthly, 53, 535-578 (1946), 
Theorems XI-XIV, inclusive. 

5 Relation (2) with y == 0 (mod ¢) gives 2€/(x + y) =ul=(1 + t)€=1 (mod @), and we have 
rf x + y (mod @), or using at xz (mod ¢?) (cf. reference in footnote 3, theorem stated in 
italics on pages 79-80 for r = 2 and p = ¢), we have y =0 (mod 2). Note that relation (3) was 
not used in this argument. 

6 Note that the symbol ¢ used in Theorem I of Paper II is employed later in the present paper 
in a different sense. 

7 An ideal Q is said to belong to the exponent k if a* ~ 1, but @*~' is not equivalent to 1, for k 
mo 

8 Vandiver, H. S., “Summary of results and proofs on Fermat's last theorem (3rd paper),”’ 
these PROCEEDINGS, 15, 43-48 (1929), relation (5). 

® Landau, E., Vorlesungen tiber Zahlentheorie (Leipzig: Verlag S. Hirzel, 1927), Bd. 3, pp. 
327-328. 

10 If the principal ideal (4) is divisible by a prime ideal belonging to an exponent which is a 
multiple of ¢, then it follows from the class number theory of K¢ that it is divisible by the ¢th 


power of such an ideal, and the norm of said ¢th power divisor is divisible by the ¢th power of a 


rational prime integer. 

1! See footnote 4, pages 575-576. 

12 Cf, also pp. 202-203 of Paper I. Further, we have already noted in connection with (7) that 
if we increase the values obtained by increasing r and s, then the density of composite values for (7) 
increases, and therefore our chances should be enhanced of finding a divisor of it which is not of 
the form 1 + @k. To supplement this observation, it may be pointed out that the absolute 
values of the integers z, y, and z, which appear in (1) and also (7), are very targe. This follows 
from a result of Inkeri (‘“‘Abschaitzungen fiir Eventuelle Lésungen der Gleichung im Fermatschen 
Problem,”’ Annales Universitatis Turkuensis, Ser. A, XVI, Turku, Finland (1953), pp. 2-9), who 
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showed that if we write (1) in the form 2é+ yf = 2¢withO<a2<y<a4; 4 = —z, thenz> 
(3-4 and z, > 1/.f3-1, and we may take > 4002 (Lehmer, D. H. and Emma, and H. 8. Vandiver, 
‘An application of high-speed computing to Fermat’s last theorem,’ these PRocEEDINGs, 40, 
25-33 (1954); Nicol, C. A., J. L. Selfridge, and H.S. Vandiver, ‘‘Proof of Fermat's last theorem 
for all prime exponents less than 4002,”’ these PROCEEDINGS, 41, 970-973 (1955)). 


CONFORMAL MAPS OF SMALL DISKS* 
By J. L. WausH anp T. 8. Morzxk1n 
HARVARD UNIVERSITY AND UNIVERSITY OF CALIFORNIA 

Communicated August 28, 1961 


|. The present note provides partial answers to three problems. 
A. The simplest case of least maximum (Tchebycheff) approximation on a point 
set is that byaconstant. For an analytic function, 


wz) =co + az + oz? + 


in the prescribed neighborhood |z| < ¢ of zero, the value w(0) = co is obviously a 
good approximation. By how much do the above best-constant and this value 
differ? 

B. We inguire into the location(s) where the above constant is attained as a 
value of the function, and into the asymptotic properties of such a location when 
e—0. (Asimilar problem for polynomials instead of constants, treated elsewhere! 
and leading to a further interconnection between approximation theory and inter- 


polation theory, concerns the roots of the error function, i.e., the difference between 


approximee and best approximator. ) 

General theorems on problems A and B are contained in sections 5 and 6. More 
special situations are discussed in sections 3 and 4. Results for subsets of |z| < e 
are given in section 7. 

C. Both these problems are related to that of describing, and determining 
global properties of, the conformal transform of small regions. In particular, we 
study the location of the circumcenter and of the incenter of the transform W(e) 
of jz < eas well as the remarkable displacement and ellipticity properties specified 
in the distortion theorem of section 4. 

2. By (w;r) we denote the closed circular disk in the w-plane with center w 
and radius r(> 0). 

Consider a nonempty compact point set W in the w-plane. Then r+(w) and 
r—(w), defined for fixed w as min 7, (w;r) > W, and max 7, (w;r) © W (for w not 
in W we set r_(w) = 0), are continuous functions of w. 

A circumcenter w+ is a point where r+ (w) has a local minimum r+(> 0); it is then 
global and unique. An incenter w— is a point where r—(w) has a local maximum 
r-(> 0); if the maximum is global, then w- is a global incenter. If W is strictly 
convex, w— is global and unique. We shall use 

LemMa |. On acircumcircle {incircle| there are two or three boundary ponts of W 
in whose convex hull the center lies. 

LemMa 2. If (wi;71) ¢ W ¢ (we; 72), then lw+ —w:| < r+ — 1, < re — nr and, 
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of r— tsa global maximum, |w, — w—| < re — 7 ro — 1. 

Lemma 3. If W contains w, + (r + n)e (n > 0) and no w with |\w — w;!| > 1, 
Re ((w — wie”) <n, then |w+ — w,| > 7/2. 

For |w+ — wil < 7/2 implies r+ > r + »/2 and consequently a contradiction to 
Lemma l. Similarly, we verify 

Lemma 4. If W contains all w with \w — w,| < r, Re ((w — wie) < n, but 
not with w, + (r — ne” (0< 4 <r) then |w—- — w,| > 7/2. 

The (Hausdorff) distance between two compact sets W and W* is the maximum of 
the distances of a point in either set from the other set. 

Lema 5. If the distance of W and W* is < n then w+ — w+*\? < 4 n(n + 
min (r+, r+*)). If, moreover, every arc of central angle ¥(0 < Ww < x) on the cir- 
cumcetrcle of W contains at least one boundary point w, then |\w+ — wi*! < 2n(r+ + 
n)/(r+ cos (W/2)). 

The proof is not difficult, after establishing |r+ — 7+*| < n, by applying the law 
of cosines to a triangle w+ w+*w. Similarly, we prove, via |r — r—*! <n, 

LemMa 6. If the distance of W and W* and that of their boundaries are < n(n < 


r—/2), of every arc of central angle ¥(O < Y < m) on a largest incircle of W contains at 
* 4 + 


least one boundary point, and if |\w— — w- < r—-: cos(W/2)/2, then |w- — w < 
n(r- -— 7)/(8r—--cos (W/2)). 

In the sequel r+, r—, w+, and w— refer to the locus W(e) of w = 29 c, 2“ for |z| < 
e,¢ > 0. The possible points z, |z| < ¢, where w = w+ [w = w- | are denoted by 


z+ [z—]. Clearly, w+ is the best constant of approximation to w(z) on |z| < e in 


the sense of least maximum error. 
3. TuHeorem 1. For w=2z-+ 22, € < 1/4, we have 


= € w+ = ((1 + 320)” 1)/16 = & — 8et + 128 & — 


’ 
) 


2a =e — 6 + 26 — } e? — Det + 14466 — 


Proof: Yor z = eeiv, we have 


w=u+tw = ecos¢e + & cos 2g + wesin g + & sin 2g). 


1 + vo’? = fs/fo’, fs = 1 + 4€ cos o + 4e?. Further, v” = —fiyfo-%e', fy = 1 + Be 
cos ¢ + 8e?. Therefore, the curvature K = |v"(1 + v’*)~’*| of the image I(e) 


of jz) = eat wis |fifs” “e7!). As € < '/, implies f; > 0 and f; > 0, K becomes 


neither 0 nor © and thus I'(e) is strictly convex. Each I(e) is traced precisely 


Hence, v’ = dv/du = —fi/fe, f; = cos ¢ + 2 cos 2¢, fo = sin ¢ + 2e sin 2¢, and 


once, in the positive sense, when z traces |z| = e€in the positive sense. It follows 
from a general theorem due to Darboux that the function w(z) defines a one-to-one 
conformal map of |z| < ¢ onto the interior of T'(e). 

On I'(e), |jw — e?| = Jee’? + ee"? — | = el + ee’? — ee '*|) = €|1 + 2ez sin 
g| 2 e but < e(1 + 4e2)”* < «+2 Thus, (ce: 6) ¢ We) € (e: « + 26°): as 
(e?; «) touches I'(e) at e? + «, we have w— = &* by the strict convexity of T'(e). 

For real a, the extrema on I'(e) of 

F= |jw-al’r=+ e+ 2e’ cos »y + a? — 2Zac cos ¢ — 2a & cos Ze 
occur only when dF /dg = sin ¢(—2e*® + 2ae + Sae? cos yg) = 0; there are therefore 
no more than two maxima. For a to be w+, we then must have (Lemma 1) two 
equal maxima, in opposite directions from a. If these belong to sin ¢ = 0, we get 
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a w—, with minima instead. Hence, the maxima belong to the points of T'(e) 
with horizontal tangent, i.e., with 
0 = Im (tz dw/dz) = Re(z + 227) = « + 2(2? — y’ se 47> +4 - f 

where z = + + ty. We have w+ = Re(z + 2?) = 2 ps 2/2= (a + 
32e?)'* — 1)/16. 

Remark: For 352 cz", ac. ¥ 0, we set z = (c)/@)2*, w* = 
Then, w* o* 4 2*2 and for lz! < «, |z*| < {ee/ele, we have w_ 
wW—- = Co + (¢:€2/6,)e?; similarly, w+ = co + (cr€2/é,) (2? — Bet +... 
Ce? — (€0/&,) | @o/&, |7e4 + + = (60/€,)e? — 9(6o/61) |6o/E, |2e* +. 

!. The convexity of T'(e) and W(e) for general w = 09 eye", C1 - 0, and suffi- 
ciently small ¢ is well known. Some features of W(e) apparent in Theorem 1 persist: 


THEOREM 2. The transform W(e) of |z| < € 7s, 
mod e° (co; {C1 €), 
mod e*: (Co + vye7; |e; |e), where y = ciéo/ ei, 


mod e?: an ellipse with center co + ye’, 
halfaxes jcy\€ + (|&:?/&| = |e3 — o/c /)e’, 
major axis in the direction arg (e2(e\c3 — ¢2?)~ 7°). 

Here, mod e* means that the distance of W(e) from the approximating region as 
well as that of their boundaries is O(e*). 

Thus, the effects, including those of order ’, of c, on W(e) are (for ¢; 0): 

of co, a displacement O(1) 

of ¢c;, a change in seale O(e); 

of cs, a displacement O(e?) and a magnification O(e*) ; 

of ¢3, or rather of ec; — c*, a deformation O(«*) into an ellipse. 

The envelope of the family of circles mod ¢* is easily seen to be a parabola, but 
the circles belonging to quantities « below the threshold of univalence have no 
points in common with the parabola or with each other. 

Proof of Theorem 2: The statement mod é is obvious. lurther, setting w 


1¢e 


w— Co — ye, WY = arg w, ye = C,/C1, We have for z = e'*e, 


cee a (ce"'* = y)eé + 
ce’? (e + 2 Imlyoe™)e?) + p> 


hence, y arg ¢ + o + O(e) (this and all subsequent O uniformly in ¢), while 
w cy /e[(1 + Re(yse?"*)e2 + O(e*))? + (2 Im yee + O(€2))?]'”, 
which proves the mod e’ statement. Also, 


e[l + 2 Re(yse7"*)e2 + O(e) + 4((Reys)? sin? o + 

(Imy2)? eos? » + Rey. Imyz sin 2¢)e 2] 
e{l + (Re(ye7'*) + ((Imy2)? — (Reye)?) cos 20 + 
+ 2Reys2 lmy2 sin 20)e? + O(e*) | 
Gale + jcrilive|? + R Y 2) e7##) Je + O(e*) 
a+ b cos 2(y 


where a 7 *9*/C, | €°, "3 97/1 | €°, = arg (c17(¢1C3 — C2”) 
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Now consider the sextic r = a + b cos 26, a > b > O, versus the ellipse p = (cos? 
6(a + b)-2 + sin? O(a — b)-*)~'” with halfaxes a + b. For t = b/a we have 


p = a(cos*0(1 — 2¢ + O(t?)) + sin? o(1 + 2t + O(#)))~"” 
= a(1 — 2t cos 20 + O(t?))~'? = r+ a0(l); 


hence for a = O(e), t = O(e?), the difference p — r is even O(é). This completes 
the proof. 

5. While for w= cy + DO e2*, cm ¥ 0, m = 2, the deformation of (eo; {em |e") 
by terms beyond 2” leads to no simple results analogous to those of Theorem 2, we 
can describe the asymptotic behavior of the cireumcenter w+ and a global incenter 
w— of the transform W(e) of |z| < ¢ both in the case of the preceding section and 
for c, = 0. 

THEOREM 3. For 

w=oot+ dn 2", Cm ¥0,m> 1, 


+1 ‘ , ° ° ta ale t 
both w+ — cy and w~ — ce are O(e”""’), while (taking account of multiplicities) m 
m+ 5 


points z+ and m points z— are O(e'T'™"). For m+ ¥ 0, lim inf (|\w+ — ey | /« 


and lim inf (|w— — co |/e"*') are > 0. 

Proof: The first statement on w+ and w— follows immediately from |w — ¢9| = 
Cm |e" + O(e"*') for |z| = €, which restricts w to an annulus, and from Lemma 
2; it entails the statement on z+ and 2-, by use of the implicit-function theorem. 
For properties of this annulus, see reference 2. 

For the second part, note that |em2” + ¢m412""'|, /z| = ¢, is maximal fora single 
z = z, and apply Lemma 3 with w; = ¢, r + 7 = |w(z) — eo|, n/e"*! constant and 
sufficiently small. Similarly, for w—, apply Lemma 4. 

6. The order of the actual speed of convergence of w+ and w— to cy) may depend 
on arithmetic properties of the exponents of w-terms with nonvanishing coefficients, 
as well as on these coefficients themselves. A specific result, subsuming Theorem 
3s: 

TueoreM 4. For w= doo’ x2", denote by ky < ky < ... the (finitely or infinitely 
many, but at least two) exponents for which ke, # 0, and by 6;(j = 2, 3,...) the g.e.d. 
of ke — ky, ks — ky k;— ky. If no6;|ky, then 


0+ = W- = (1) 
If s(=> 2) ts the least j such that 6;\k, then 
w+ — | = O(e*), lw — | = Ole”), (2) 
and, except if each arg cx.,(j = 3,..., 8) has one of (at most) finitely many values that 
depend only on ky, .. ., kj, Arg Cy, arg Cy, (if s = 2 then without exception), 
lim inf( |w+ — co|/e*) > 0, lim inf( |\w— — eo |/e*) > 0, 
while in some of the excepted cases, 
= €o or Ww. = Co. 
Proof: Let 6 = min 6;, g; = 6;/g.e.d. (k1, 6,), wy = 2%) e,2*, W,(€) the w,-trans- 


form of |z| < «, uw; and »; the number of boundary points of W,(e) on its cireum- 
circle and largest incircle(s). 
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(1) follows from the rotational q-fold (q, > 2) symmetry of W(e), as evidenced by 
wer" ot.) a ezmk Bt (ay — Cp). 

Likewise W,_;(€) is, for s > 3, g.1-symmetric. Hence yu, and »,—; are divisible 
by q.-1; for small ¢€ they are < g. If u.-1 > 3, then (2) follows from Lemma 5, 
with W = W,_,(e€), W* = We), ¥ = r — w/(Q2 +1). If us = 2, then (2) fol- 
lows by noting that the distance between corresponding points of W,_;(e) and W(e) 
on their cireumcircles is O(e**). An analogous proof, using Lemma 6, establishes 
the w—-part of (2). 

For s = 2, the proof of (2) and (3) is similar to that of Theorem 3. 

For s > 3, (3) is proved by use of Lemmas 3 and 4, observing that for small ¢ and 
nonexceptional sequences of arg c;,;, one among the ares on the boundary of W(e) 
near the ye (or v2) points defined before becomes farther from cy (or nearer to ¢)) than 
the others. 

To prove (4), consider, e.g., w =z — 2 + 24 + 2%. Of the 15 directions in 
which |z — z'| is maximal for |z| < e, addition of z*4 retains six, of 2% eight, of 
2°* + 2% still four in a nonsymmetric way compatible with Lemma 1. Similarly 
for w-, with w= z+ z'6 — 264 — 2%, 

The actual order of convergence of w+ and w— to cy depends in all cases solely on 
the arguments of the coefficients c,. 

7. Whereas for c; ~ 0 we have |w+ — co! = O(e2) for w+ of W(e), we can expect 


only O(e) for w+ of the transform of a general closed subset E(e) in |z| < e, asseen 


by letting £(e) consist of a single point O(e). We have indeed: 

TueoreM 5. For w= do6° 2", « ¥ 0, there exists a number «(> 0) such that 
if E(e) is a closed point set in |z| < ee < €), and if w+ is the circumcenter of the 
transform w(E(e)) of E(e), then there is precisely one antecedent z+ of w+ in |z 
and no other z+ in |z| < eo; the same holds for the antecedent z— of any incenter w 
w(E(e)). 

Proof: It follows from the implicit-function theorem that f(z) is univalent in 
some disk |z| < « and from the Verzerrungssatz that W(e) is convex for each 
€ < e(< «). Since w(E(e)) ¢ We), we see that w+ lies in W(e) and that z+, 
unique even in |z| < «, lies in lz| <. Similarly for w— and z 

It may be noticed that if f(z) is univalent in |z) < « and if W(e) is not convex 
(€2 < «), then there exists a set E(e) in |z! < e such that no 2+ lies in lz | i <€y, 

The case c; = 0 is genuinely exceptional, but we can prove a somewhat weaker 
result in that case. 

TuHEoreM 6. For w == cy + D> cz", c, ¥ 0, m > 1, there exist numbers po and 
€)(O < € < po) and a function p(e) defined for « < &, € > O, such that if the closed 
point set E(e) lies in |z| < «€ then there are (taking account of multiplicities) precisely 
m points z+ in |2| < ple) and no other z+ tn |Z) < po. 

Proof: In some disk |z! < po, each of the mth roots 


1 1 - 
Ch EE 7) alah ak gs (5) 


is a function of z that is not merely analytic but also univalent. To each circle 
2) = 6, € < po, there corresponds in the w-plane a curve I'(e) not necessarily a 
Jordan curve, containing the boundary of the, not necessarily convex, region W(e). 
The convex hull of T'(e) has for ¢€ sufficiently small, say «€ < €9 (<po), a one-to-m 
image in the z-plane defined by equation (5) and contained in some smallest disk 
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le! < ple), € < ple) < po, and p(e) depends not only on ¢ but also on w(z). The 


function p(e) clearly decreases monotonically with ¢€; it also approaches zero with 


e, for the transformation z(w), although multiple-valued, is continuous. 
If now H(e) lies in |z} < €, € < eo, then the convex hull of w(#(e)) contains the 
point w,, and the m antecedents 2+ of w+ in |z| < py defined by equation (5) lie 


in |z| < p(e). Theorem 6 is established. This convex hull contains also every 
w—, so every antecedent of w— in |z|} < pp lies likewise in |z|) < p(e). 

Theorem 5 is the special case m = 1; for this case, we may take p(e) = e¢ if € is 
sufficiently small, namely, if W(e) is convex, but it may be appropriate to dis- 
tinguish p(e) and e for larger values of e, namely if w(z) is univalent in |z| < ¢ while 
W (e) is not convex. 

A sharper result than Theorem 6, for the case that the #(e) are mutually similar, 
with 0 as center of similarity, is given in reference 1, end of section 1. 

* Research supported (in part) by the Office of Naval Research and by the Office of Scientific 
Research, Air Research and Development Command. 

1 Motzkin, T.S8., and Walsh, J. L., ‘‘Zeros of the error function for Tchebycheff approximation” 
(to appear). 

2 Walsh, J. L., “On the shape of level curves of Green’s function,’’ Amer. Math. Monthly, 44, 
202-213 (1937). 


COMPRESSIBILITY AND UNIFORM CONV ERGENCE* 
By Gorpon T. WHYBURN 
UNIVERSITY OF VIRGINIA 
Communicated September 20, 1961 


1. Introduction.—In case X is a locally connected metric continuum and Y is a 
locally compact metric space, it is readily verified that a sequence of mappings 
fn:X — Y which converges pointwise on an everywhere dense set in XY to a mapping 
f:X — Y will converge uniformly to f on X if and only if for each pair of compact 
sets AC X,BCY,f,(A)-B # # for infinitely many n always implies f(A)-B # ®. 
To verify the sufficiency here, we have only to take, for x « X and e > Ogiven, B as 
the boundary of a conditionally compact (€/2)-neighborhood V of f(2) and A as the 
closure R of a region R about x so chosen that f(R) C V. Then for n sufficiently 
large f,(R) will simultaneously intersect V and fail to intersect B and thus lie in V. 

lor more restricted spaces Y, notably when Y is regular in the Menger-Urysohn 
sense! that any pair of its points are separated in Y by a finite set of points, it will 
be shown that the intersection form of the condition here may be replaced by the 
incompressibility condition that f,(4A) D B for infinitely many n imply f(A) D B for 
quite restricted sets A and B. Further, if Y is dendritic (i.e., contains no simple 
closed curve) and the mappings in the sequence are nonalternating, it turns out 
that this condition is fulfilled in case X also is regular and the total images f,(X) 
converge to f(X). Extensions are made to the case where X is a boundary curve 
and applications are indicated to the situation in which the mappings are real- 
valued functions, in which case Y is surely dendritic, and in particular when they 
are harmonic functions meeting certain topological conditions in a region. 
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All our spaces are assumed separable and metric and all mappings are single- 
valued and continuous. Diameters of sets J/ are denoted by 6(J/), spherical 
neighborhoods of radius r by V,(\/) and the empty set by ® A mapping f(X) = 
Y is nonalternating? provided that if y, z « Y, then no two points of f~'(y) are 
separated in X by the set f~'(z). By a region in a space is meant a connected open 


set in that space. 

2. Regular Range Space.—A space Y (separable metric) is regular provided 
each of its points has arbitrarily small neighborhoods whose boundaries are finite 
sets of points. For locally compact spaces this is equivalent to the separation 
property mentioned earlier. 

THeoreM. Let the sequence of mappings f,: X — Y converge pointwise on a dense 
subset Xo of X to a mapping f: X — Y, where X ts a locally connected continuum and 
Y is regular. In order that f,, converge to f uniformly on X it ts necessary and suf- 
ficient (a) that for each x « X and ye Y — f(x) there exist a region R in X about 
x and an integer N such that y non €f,(R) for n> N, or, equivalently, (b) that lim sup 


ase’ 
f,—(y) C f-"y) for each ye Y. 

Conditions (a) and (b) are readily shown to be equivalent. We shall prove the 
sufficiency of (a). 

To that end, let « > 0 be given and take any xe X. Let R bea region about 2 


small enough so that 
5[f(R)] < «. 


Let V be a region in Y of diameter < € containing f(R) and so chosen that its 
boundary C is a finite set of points. Now if y eC, then since f(x) + y by the 
given condition, there exists a region R, about x and an integer N, such that for 


n> N,,f,(R,) does not contain y. Then if N = max N, and Q isa region contained 
yeC 


in R-TIR,, we have C-f,(Q) = ®foralln > N. Now let ao ¢Q-Xo. Then since 
fn(ao) > f(a) € f(R) C V, there exists an integer M such that f,(2) C V for all 
n> M. Thusifn> M + N, we have 


f.(Q)-V ~® and f,(Q)-C = ®- 


Whence f,(Q) & V, since f,(Q) is connected. 
Thus, for any ze Q, we have 


plfn(z), f(z)] < 6&V) me foralln> M+N. 


By covering X with a finite set of regions such as Q we get uniform convergence 
of f, to fon X. 

The necessity of the condition is immediate. 

3. Dendritic Range-—A continuum which is regular in the sense (Menger- 
Urysohn) defined above is a regular curve. Any subset Xo of such a curve X such 
that each pair of points of X is separated in X by some finite subset of Xo will be 
called a regularity basis for X. A locally connected generalized continuum Y 
which contains no simple closed curve will be called a generalized dendrite (i.e., Y is 
connected, locally connected, locally compact, separable, and metric and contains 
no simple closed curve). 

THeoreM. Let X be a regular curve and Y a generalized dendrite. Let the se- 
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quence of nonalternating mappings f,(X) Y, C Y converge pointwise on a regular- 
ity basis X) in X toa mapping f(X) = Y’ C Y. Then Y' C lim inf Y, C lim sup 
Y, = Zand in order that the convergence of J, to f be uniform on X it is necessary and 
sufficient that Y’ = Z = lim Y,. 

Again we need only prove the sufficiency, as the necessity of the condition is 
clear. Let A = R be the closure of a region R in A and let z € Y and suppose 
f,(A) D z for infinitely many n. By the preceeding theorem, we have only to show 
that z¢« f(A). Suppose this were not true. Then let Z be a region in Y about z 
such that f(A)-E£ = ® and let ab be the (unique) are in Y with a ¢ f(A), be £, 
and ab-[f(A) + £1 = a+b. Let x be an interior point of ab which is of order 2 
in Y sothat Y — x is the union of two components Q, and Q, containing f(A) and E 
respectively. Let V be a region in X about A with finite boundary C C X» and so 
chosen that f(7) € Q,. 

Since by definition z ¢« Z = lim Y, and by hypothesis Z = Y’ = f(X), there 
exists ¢¢ X with f(t) = z. Let U bea region in X about ¢ with f(U) C E. By 
our convergence hypothesis, there exists p « U so that f,(p) converges to f(p) ¢ E. 

Now since f, converges to f at each point of the finite set C + p and f(C) C 
{(V) < Qu, f(p) C EC Q,, there exists an integer N such that 


Sirl(C) CS Qa, In(p) CQ, for alln> N. 


Then Q, = Y,-Q» is connected and thus so also is f,~'(Q,), sinee f, is non-alternat- 


en 


ing. Thus, since f,—(Q,) D p and f,-(Q,)-C = &, we have V-f,-(Q,) = ® or 


f(A) Ch(V) CX —Q, = Q, + «foralln> N. But this contradicts the fact 
that f,(A) D ze Q, for infinitely many n. 

Coroutuary. Let X be a regular curve and suppose the sequence of real-valued non- 
alternating or monotone functions f,(x), x ¢ X, converges pointwise on a regularity 
basis in X to a continuous function f(x), xe X. Let f,(X) = a,b, and f(X) = ab. 
Then, tn order that f,(a) — f(a) uniformly on X it is necessary and sufficient that the 
intervals a,b, converge to the interval ab. 

It may be noted that the sequence of functions 2” on the unit interval 0 < x < 1 
meet all the conditions here except that a,b, is the interval 0 < y < 1 whereas 
f(x) vanishes identically on 0 < x < 1 so that ab is the single point 0. 

t+. Boundary curve range.—A locally connected generalized continuum is called 
a generalized boundary curve provided each of its true cyclic elements? is a simple 
closed curve. It may be noted that this includes the case of a generalized dendrite 
which has no true cyclic elements. We recall also that two points a and b of a 
connected space X are conjugate in X provided no single point separates them in X. 
We first prove the 

LemMMA. Let X be a regular curve and Y a generalized boundary curve and let the 
sequence of non-alternating mappings f,(X) = Y, C Y converge pointwise on a 
regularity basis Xo in X to a mapping f(X) = Y’ C Y and suppose the sets Y, con- 
verge to Y’. Then if x « X and y is any point in Y’ — f(x) which is not conjugate 
to f(x) in Y, there exists a region R in X about x and an N such that y non « f,(R) 
foralln> N. 

Proof: Let p be a point separating y and f(a) in Y and let Q be the component of 
Y — peontaining y. Let R be a region in X about x such that f(R) C W where 
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W Yy —Q—p. Let V bea region in X about R with finite boundary C C Xo 


such that f(7) Cc W. 

Now suppose, contrary to what we wish to show, that f,(/2) contains y for an 
infinite set N, of values of n. Then using the fact that Y is a boundary curve, it 
follows that there exists a point a e Q-Y’ and a region G in Y about a such that 
the component Q, of Q-Y, containing y also contains G-Y, for an infinite set Ne 
of values in N,. For if there exists a point g in Y separating y and p in Y we may 
take a = yand Gas the component of Y — q containing y. If pand y are conjugate 
and thus lie together on a simple closed curve (= cyclic element) J in Y, there is an 
open are segment wav on one of the two ares of J from p to y such that Q, D uav 
for an infinite set N» of values in N;. In this case, if we take G = uav + all com- 
ponents of Y — J having their boundaries (single points) in wav, again we have 
G-Y, CQ, for ne No. 

Let t be a point in X with f(t) = a, let FE be a region in X about ¢ with f(Z) C G 
and let z¢ X)-E. Now since f, converges to f at each point of the finite set C + z 
and f(C) < W and f(z) C G, there exists an N such that 

f,(C) C W,f,(z) CG foralln> N. 


However, there exists a k € No, k > N, such that f,(z) C Y;-G C Q;; and since 
f,-'(Q,) is connected (because f, is non-alternating) and contains z but does not 
intersect C, we have V-f,—(Q,) = ® which gives f,(R)-Qk C fi(V)-Q. = &, con- 
trary to the fact that y ¢ f,(R)-Q;,. Thus, our supposition that f,(R) D y for 
infinitely many n leads to contradiction. 

Coroutuary. The same conclusion holds for any x « X and any y ¢ Y’ — f(x) 
which is not conjugate to x in Y’. 

For if « and y lie on a simp!e closed curve C in Y, there exists a closed are segment 
ab of C with ab-Y’ = ®and hence ab-Y, = # for almost all n, sayn > N. Thus, 
we can delete from Y the open are a = ab — a — b together with all components of 
Y — C having boundaries in @ and apply the lemma to the resulting set Yo. 

THEeorREM. Let X be a simple closed curve and Y a boundary curve and let the 
sequence of non-alternating mappings f,(X) = Yn C Y converge pointwise on an 
everywhere dense set in X toa mapping f(X) = Y’ C Y and suppose the sets Y,, con- 
verge 0-regularly to Y’. Then f, —~ f uniformly on X. 

Proof: We shall show that the condition in the theorem of section 2 is satisfied. 
To this end, let 2» « X and let yy be any point in Y — f(a). We may assume 
yo € Y’, since the condition is obviously satisfied in case ye Y — Y’. Also if yo 
is not conjugate to f(x) in Y’ the required condition follows by the lemma and 
corollary. Hence, we suppose also that yo and f(a») are conjugate and hence lie 
together on a simple closed curve J ( = a cyclic element) in Y’. Let r(y) be the 
monotone retraction of Y onto J and define 

Gr(x) = rf,(x), foreach x eX and each n; 
g(x) = rf(z), forxe X. 

Now by continuity of 7 we have g,(x) — g(x) on a dense set in X. Also, g,(x) is 
non-alternating for each n, since r is A-set-reversing (see page 141 of Analytic 
Topology’). The 0-regular convergence of Y, to Y’ means that for any e> 0,a6> 
0 and N exist so that if n > N, any pair of points of Y, at a distance apart < 6 lie 
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together in a connected subset of Y, of diameter < «. It is an easy consequence of 
this condition that g, is a mapping of X onto J for almost all n. Since any non- 
alternating mapping of one simple closed curve onto another is necessarily mono- 
tone, g, is monotone for almost alln. Hence, by a theorem of the author,’ it follows 
that g(x) — g(x) uniformly on X. Thus the condition in the theorem of section 2 
is satisfied for the sequence g,(x). Hence, since yo # g(x»), there exists a region R 
in X about 2» and an integer n such that yo non €g,(R) forn > N. Since g,(R) = 
rf,(R) D J-f,(R), we have yo non ¢f,(R) forn > N,so that our condition is satis- 
fied for f,(2). 

In the absence of the regularity of convergence condition, the conclusion in this 
theorem may not hold. We have the 

Example: There exists a sequence of non-alternating mappings f, of a circle C 
onto subares C, of itself which converges pointwise to the identity mapping every- 
where on C but where the convergence is non-uniform. 

For let C be the unit circle in the (r, @) plane and, for each n, define f, to be the 
identity on the are C,:1/n < 6 < 27 and let f, map the other are of C topologically 
onto C,, keeping its ends fixed. 

5. Applications.—Since any mapping which is monotone on a closed 2-cell is 
necessarily non-alternating on the edge of the cell, it follows from the above results 
that if each of a given sequence f,(x7) of real-valued functions is monotone on a 
fixed 2-cell X with edge C, if the sequence converges pointwise at an everywhere- 
dense subset of C to a function f(x) which is continuous on C and if the total images 
f,(C) converge to f(C), then the sequence f,(2) converges uniformly to f(x) on C. 
Examples are easily constructed showing that this does not hold without the condi- 
tion on the total images, even though the sequence converges to f(x) pointwise at 
every point of C. 

Of especial interest is the case of a sequence of harmonic functions f,(z, y) in the 
each function is mono- 


y 


(x, y)-plane. Suppose that for a fixed 2-cell X with edge ( 
tone on X, that the sequence converges pointwise at an everywhere-dense set on C 
to a function f(x, y) continuous on C, and that f,(C) converges to f(C). Then, 
f,(x, y) converges uniformly to f(x, y) on C, and, by well-known properties of the 
Poisson integral, it then follows that the sequence also converges uniformly inside C. 

The results in section 4 suggest a way in which the situation where the functions 
are not necessarily monotone on the closed 2-cell X might possibly be analyzed. 
For if we decompose X into components of the level sets of the function f;(x, y) 
and let ¢(X) = X’ be the natural mapping of the decomposition, then ¢ is monotone 
so that again ¢ is non-alternating on the edge C of X. Since ¢ is now not a real 
function, @(C) is not necessarily dendritic but it is always a boundary curve. Thus, 
it seems likely that further study in this direction may lead to useful analysis of 
sequences of functions of two real variables. 

* This research was supported by the United States Air Force through the Air Force Office of 
Scientific Research of the Air Research and Development Command under contract AF 49(638)-72 
at the University of Virginia. 

‘See Menger, K., Kurventheorie (Berlin: B. G. Teubner, 1932), for example. 

2 Whyburn, G. T., Analytic Topology, Colloquium Publications, vol. 28 (American Mathemat- 
ical Society, 1942). 

* Whyburn, G. T., “Uniform convergence and monotone mappings,’ these PROCEEDINGs, 43, 


992-998 (1957). 





ACHIEVEMENT OF SEDIMENTATION EQUILIBRIUM* 
By P. E. Hexner, L. E. RApForp,t anp J. W. BEAMS 
UNIVERSITY OF VIRGINIA 
Communicated September 13, 1961 


The equilibrium method is generally considered to be the most reliable of the 
different ways that have been used for determining molecular weights with the 
ultracentrifuge.!' 2. This results from the fact that the method is based upon 
equilibrium thermodynamics theory and yields absolute molecular weight values. 
On the other hand, the method requires centrifuging for a comparatively long time 
at a constant temperature and with a constant or slowly decreasing rotor speed 
which is free of hunting. The magnetically suspended equilibrium ultracentrifuge*® 
solves the temperature and rotor speed problems and, by providing a uniform slowly 
decreasing speed, also significantly reduces the centrifuging time without lowering 
the precision. However, it is often important to reduce the centrifuging time still 
further in order to prevent deactivation of the substances or to increase the number 
of measurements in a given time, ete. Van Holde and Baldwin‘ have proposed 
the use of very short columns of solution in the centrifuge cell. This reduces the 
centrifuging time required to reach equilibrium, but also reduces the accuracy.> ® 
Pasternak et al.? have considered starting the centrifuging with an accurately 
calculated step distribution of concentration using a synthetic boundary cell which 
also reduces the equilibrium time. The purpose of this paper is to describe a 
method of introducing a predetermined step-function reduction in angular speed of 
the rotor which greatly reduces the centrifuging time without sacrifice of accuracy. 
The procedure consists of centrifuging the substance under test at an angular 
velocity w’ until the concentration distribution in the ultracentrifuge cell most 
closely approximates the concentration distribution at equilibrium if the rotor were 
spun at a lower angular velocity w. When this distribution is reached, the angular 
velocity is reduced from w’ to w and the centrifuging continued until equilibrium is 
obtained. 

In order to estimate w’ and the length of time necessary to centrifuge at w’ such 
that the proper concentration distribution is achieved, the solution of the following 
well-known differential equation® for sedimentation of an ideal solute in a uniform 


gravitational field is employed. This, of course, is not strictly applicable to the 


centrifuge where the centrifugal field is not constant, but it is sufficiently accurate 
for the purpose.® 
oc 0°c Oc 
= A— —B 
ot or? or 
with the boundary conditions 


oc 
A si BC forr = Oandr = L 
Or 


and the initial condition 
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The equation is reduced to dependence on a single parameter by the substitutions: 


A , L 
a ee? 
BL B 
The solution to the above problem for the concentration as a function of position 
and time is: 


e! a 1 
cly,) = Ja f f(y)dy 
ale = | ) 0 


+ e/ ¥ §,,(t)[sin mary + 24ma cos mmy], (4) 


m=1 


where 


— Pmt/B A fl y)é 


y = 


sin mry + 2mma cos mry|dy 
(1 + 4a?m?r’) 


and P,, = am?n? + 
ta 


When the initial distribution is uniform, say f(y) = co = constant, then, 


c(y,b) ”" a . 
= + ¢"/« ¥° T,,(t)[sin mry + 2xma cos mmy], 


Cy a(e’*— 1) m=1 


where 


— Pmt 


16a?1e ®m[1 — (—1)"e~ 


Pate) 
[1 + 42°m?a?|? 


which agrees with the solution obtained by Mason and Weaver.® 
Now suppose that the initial distribution is the solution (5) just obtained. 
That is, 
f(y) = ; + e/2" S 7,,(t’) [sin nry + 2ana’ cos ny]. (6) 
n=l 


a’(e/* — 1) 


Then the concentration as a function of position and time is: 


y/a x 


c(y,t) sila A nf 
Co , — 1) T p {1 + ta?m? 3] 


mt / BT .° ‘ 
[sin mary + 2rma cos mry| 
, 


where 


[2mr — 4amrQ][1 — (—1)"e2] 


Am = 4 
[a’(e! “ — 1))][Q? + m?r?] 


+ 16a’2x be ne?" ‘4 oI os {an 39% —] ii ae (—1)"**e" |Frn 
n=1 
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2n2(m + n)(a’n + am) + ROL — 42°2aa’mn) 
Rt? 


r%* 


l l ee 
, = 4 > nie (« ne + 7) 


») 


=- 


(m + n)?r? 
2n2(m — n)(a’n — am) — RC + 4aa’mnz’) 


2+ (m — n)?r? 


I 


t 


Proc. N. A. 8. 


When Equation (1) is applied to sedimentation in the ultracentrifuge,’ the 


parameters are: 
b = radius of bottom of 
cell, 
radius of meniscus, 
-b—a, 
a 


ed i 
M(1 — Vp)w??(b — a)’ 
(b — a)RT 
M(1 — Vp)w?D’ 
b+ a, 


diffusion constant, 


gas constant, 


= molecular weight, 


absolute temperature, 
Vp) = buoyancy factor, 


angular velocity. 


L’ 2 


It is now assumed that the experiment has proceeded for a period of time t’, ¢ 
an angular velocity w’, such that the concentration distribution in the cell will be as 
in (6). Since the exponential containing the time in (7) involves m’, it is clear that 
equilibrium will be most closely approximated if the first term in the series is made 
to vanish. This is assured if equality (8) holds. 


[22 — 4arQ][1 + e?| 


[a’ eV’ — 1)[Q? + x°] 
- ne 
—16a’?r 2. 
n l 


Pa'tt = (—1)% —1 wus ae. (—1)**1¢F] (8) 
[1 + 4a’?n?x? |? 


where 


There exists a wide range of choices of w’ and t” for the above equality to hold. 
[quality (8) is solved for ¢”, and Figure 1, obtained with the aid of a Burroughs 205 
digital computer, shows a plot of ¢” against a’ for values of a shown. The curves 
were calculated using only the first term in the series in (7), which accounts for the 
fact that they approach large values of t” at small values of a’. This is insignificant 
for experimental purposes due to the angular velocities generally used in equi- 
librium ultracentrifugation and provided the duration of an experiment is of the 
order of 30 min or more. 

The procedure employed in this laboratory is to choose an @ for the substance 
under test, preferably from experience, which maximizes the capabilities of the 
apparatus. If no information is available concerning the magnitude of a@, an 
initial qualitative experiment usually gives the necessary data with which a good 
selection can be made. Figure 1 is then used to determine the smallest experi- 
mentally convenient a’ and consequently the proper ¢t’. Although with an actual 
system the value of a may be incorrectly chosen or there may be a series of a@ values 
due to polydispersity, the shape of the curves in Figure 1 is such that a small error 
will not materially alter the time for the experiment. 
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The theoretical results have been confirmed experimentally using the mag- 
netically suspended ultracentrifuge.* Due to the stability of this system, the 
reduction in angular velocity produced no apparent stirring or other disturbances 
such as convection currents in the system. 


| 
| 


| PLOT OF t*4,«) 
‘ FOR VALUES OF« SHOWN 











Typical experimental results with ribonuclease, insulin in 30 per cent acetic acid, 
and six times recrystallized lysozyme kindly furnished by Dr. K. Hayashi of Kyushu 
University, Kyushu, Japan, are shown in Table 1, where L is the length of the 
ultracentrifuge cell in mm, N’ is the initial rotor speed in r.p.s., ¢’ the time in hours 
of centrifugation at N’, N the final rotor speed, 7 the total time in hours for the 
experiment, and 7, the time normally required for an experiment at a constant 
rotor speed N. M,, is the weight average molecular weight obtained. 


TABLE 1 
Substance f N’ . N Te Mw 
Ribonuclease , 350 f 220 2) 14 13,690 + 60 
Insulin s 320 5.4 240 j 76 5,800 + 40 
Lysozyme a 250 é 216 3 17 14,750 + 60 


In addition to the fact that this method markedly reduces the time required to 
reach sedimentation equilibrium, it is interesting to note from Table 1 that with 
lysozyme, for example, there is a better than threefold reduction in time with the 
speeds shown, although the time required to reach equilibrium at a constant 
velocity of 250 r.p.s. is approximately the same as that required for 220 r.p.s. 
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The authors are indebted to A. P. Batson for his help with the computer program and to R. D. 
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RELATIVISTIC UNIVERSES WITH SHEAR* 
By Bruce B. RoBinson 
YERKES OBSERVATORY, UNIVERSITY OF CHICAGO, WILLIAMS BAY, WISCONSINT 


Communicated by S. Chandrasekhar, September 1, 1961 


1. Introduction —I\n the classic cosmological solutions of Einstein’s field equa- 
tions, one assumes that the rotation tensor, 


(1) 


and the shear tensor, 


_ N : 
Gur = */2(tgsr HH Uy) — /2(Gur — UpteyU =r, (2) 


vanish.! The quantities on the right hand side of (1) and (2) have their usual 
meanings, and the semicolon signifies covariant differentiation. It is well known 
that these solutions are characterized by a point singularity in the distant past at 
which time the universe was effectively created and that one of the characteristic 
features of relativistic cosmology (associated with the names Robertson and 
Lemaitre) is the fact that solutions which adequately describe the present state of 
the universe assign an age to the universe (time since the point singularity) which 
is exceeded by the ages assigned, by present theories, to some astronomical bodies. 

Raychaudhuri? investigated the possibility of increasing the age of the universe 
by removing the condition that g,, must vanish and discovered that the time since 
the singularity is maximum when q,, = 0. 

Heckmann and Schiicking* briefly discussed universes with shear and pointed 
out the importance of investigating the nature of the singularity when shear is 
present. They pointed out the existence of two line elements which show that 
the “big bang” theory must be substantially revised if any shear is present. 

It appears that one of the Heckmann and Schiicking solutions is the only per- 
missible solution with purely time-dependent shear in a homogeneous universe, 
also that the family of the solutions with constant curvature all possess the Heck- 
mann and Schiicking singularity. 
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Basic Equations.—Comoving coordinates will be used, i.e., 
» 


- S 0 
u = o_’. 


Greek indices will run from zero to three and Latin indices from one to three. 
shall assume an incoherent perfect fluid with the energy-momentum tensor 
T* = 0, (4) 
T™ = p. (5) 
There will be occasion to use Weyl’s form of Einstein’s field equations 


Ri, = (/2R — Adg,, — «Ty. (6) 


The condition that the covariant divergence of the energy-momentum tenso1 
must vanish leads to! 


tri’ p 


= Sez"), 
» 
vo 


where G = (-q). 
In a comoving coordinate system, when w,, = 0, the line element is! 
d*s = d*t + Gixdu'dat. 
It is easily shown that in comoving coordinates, equation (2) reduces to 
dix = Sik ies dix(log G),o, (10) 
which, in turn, gives 
gi = @ exp [2 Sdtgin/gulra(e (11) 


as a formal solution for the metric tensor. Taking the determinant of both sides 
of (11), we find that 


exp[2 fdt Jik Git lVin(a9) == J, (12) 

Also from (10), it is easily shown that 
(13) 
and JikQizo = 29;q/. (14) 


In a manner completely analogous to that described by Heckmann and Schiick- 
ing' for the case without shear, we find that by considering the different com- 


Kp Rie a 
9 = Ws Yt a 


flog @)ox — hs + aT — q [log G*], 


ponents of (6), we are led to 


K (;? G? 
— + gig" — 
3 6 
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where R* is the contracted Ricci tensor for the three-dimensional space at any 
given time. 

Following Raychaudhuri, we may now take the time derivative of (17) and com- 
bine it with (15); we find 


G 
[ds 9° — R*] 0 = G [6q.'q0° < 2R*}. (18) 


7 
An additional equation may be obtained from (4) and (6) by observing that 
Ti = T.2 = T;3 


l 
and R;' = = DLR = 5 &, (19) 


) 


where to be explicit the summations are shown throughout the remainder of this 
section. It can be shown in a straightforward manner that 
; : , 
R; lea + yg’ Vik 0 + flog G] 0.0 — Ne + 
9" ¢ullog G],) + 3[(og Go}? (20) 


° ° . . . ° ° ‘ 
where R 4 is the Ricci tensor appropriate for the three-dimensional space. Com- 
bining (19) and (20), we get 


] : _ : 
R/* — ; R* + Dog" ano — 2 Dra’ar'’ + g;'[log GZ]. 


Whenever homogeneity p = p(t) is assumed, we obtain from (7) 
G = &(t)3e(x*) 


4rp(* 
and — = M = const.: 
o 


and equations (15), (17), and (18) are equations for . 
If the space is orthogonal (gy, = gi“), we get from (12), 


Dt Gis ii a ) A: = 0, 
and from the definition of A ,, 
Kn = 6," Ax. (25) 


3. Discussion of the Equations—Among the theorems that may be extracted, 
by direct observation, from the equations are the following. 

From equation (10): There are no static solutions with shear, and the shear is 
diagonal in orthogonal spaces. 

From equation (12): The shear cannot be simply related to the metric tensor 
in the form qx = f(a") gir. 

From equation (14): Since a4, = >°,A,? in orthogonal coordinates, no solu- 
tion with constant shear is possible in orthogonal spaces. 

1. Purely Time-Dependent Shear in Homogeneous Space.—Assuming qi 
qu(t), p p(t), recalling (22), and differentiating (10) with respect to a space co- 
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ordinate, we obtain 


l 
of ik 0,4 . Jizz llog (| 0 


which yields ize = F(x") G2(t)5C2(x4), 
and on integration this gives 
dix = S(t) fda*F(x*)5C?(x*) + Dt). (26) 


Comparing (26) and (11), we observe that g, can have the form of (25) if the 
exponent in (11) is purely time dependent, or 

Jix = Gix(t). (27) 

Since R* and RP, are composed of space derivatives of gj, the space must be Eucli- 

dean and without loss of generality can be assumed to be orthogonal. Substituting 


(25) into (21), we obtain 


Aio + A,flog G*]) = 0 (28) 


Ci 
or A; ase (29) 
(SS? 
where C; is a constant. 
Combining (17), (23), and (29), we obtain a generalized form of Friedmann’s 


equation for this case: 
M ic? 
(S|? : G2 + : ae > —_ (30) 
2 tor(S 64 
When A = 0, equation (30) can be written 


ir (aM 3 qxM 
a a ie + : Dicey ji . 


B 3 a 1/2 
(8 sc? ’ ’ 
KM \4n 4 » f 


bor 
which yields 


2r 


7 3«M 


(3 %M 2+ bt + 4 or h2 
ye — ~ r4 
9xM 


ree 
. 1 a 
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where } is a constant of integration; with the origin of time suitably chosen, we 
may set 


5? = - pry 


Equation (31’) now takes the form 
2 9x. 
(3 2+ bt= Lt + de. 
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Combining (11) and (33), we obtain 


C; 
gis = (Lt? + bt]?/? exp |2sat Le + =| 
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but this is a standard integral which finally gives 
2C i (2/3+2Ci/b (2/3 —2Ci/b ‘ 
gq ee LPO? OTe Et + bi # (34) 


This solution is the only purely time-dependent solution in a homogeneous uni- 
verse (A = 0). A special case of this solution was described by Heckmann and 
Schiicking.* Note thatast— © 


gir > L283; 


this is the classical isotropic solution for an expanding Euclidean space. As 
t — 0, two singularities occur, one at t = O and the other at ¢ = —6b/L. From 
(24), (29), and (32), it can be shown that the largest C; produces 


i | < l 
b VJ/3 
At least. one of the remaining C's, which are opposite in sign from the largest C;, 


gives 


the equality holding when the smaller C;’s are equal. 

Clearly, a point singularity can never occur. Both singularities are lines except 
for the special case when the smaller C;’s are equal, in which case one singularity 
is a line and the other is a plane. Since a finite mass distribution is never com- 
pressed into a point but always spread over an infinite formation, the ‘big bang” 
theory is greatly altered in this case. 

5. Universes of Constant Curvature—Several amusing solutions may be ob- 
tained from the basic equations, e.g., universes which evolve into pulsating lines 
or planes; but the solutions of greatest cosmological interest are those of constant 
curvature. 

We shall restrict ourselves to orthogonal homogeneous universes in the remainder 
of this paper. 

In a space of constant curvature, 


(35) 


where n is the dimensionality of the space.* Combining (35) and (21), we then 
obtain 


A,o+ A, flog G*Jo = 0, (36) 


7) @;(x’) 
: (3 


which yields 
Combining (18) and (37), we get 


G” 


where f is a constant. Thus, the Friedmann equation with A = 0 becomes 





Vou. 47, 1961 PHYSICS: B. B. ROBINSON 1857 


kM eC? 
IG)? = ai € (39) 
4G 664 
where « = +1 or 0 with the sign agreeing with the sign of the curvature of the 
space. In (39), @ = @(t), and the remaining symbols are constants; thus, 


> e2 = 9? = const. (40) 
Finally from (39) and (40), we have 


arg na kM ~ he 
— * 0i,6 7 66 ° (44) 


which gives % increasing (or decreasing) monotonically if « = —1 or and oscillat- 


ing ife = +1. 
As © > o, we get from (11) and (39) 


G1 > Six) (42) 
and [@|2 > — €. (43) 
Thus, universes of constant curvature with shear approach the classic isotropic 
universes as S increases. 

As GS — 0, we get 
kM >* 


4r® ' 664, 


[G2 > 


which is equation (30). Thus, the metric is 
a rn re ae (45) 


and we conclude that the singularities in this case are of the type described in the 
previous section. 

6. Conclusion—We conclude that orthogonal, homogeneous spaces of con- 
stant curvature which possess shear will approach the usual isotropic universes 
asymptotically as the radius increases; but they will have a completely different 
behavior when the radius is small. Thus, an alternative to the “big bang’’ inter- 
pretation of relativistic cosmology seems possible. 
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COMPOSITION OF SURFACE-ACTIVE MATERIAL ISOLATED FROM 
BEEF LUNG* 
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CARDIOVASCULAR RESEARCH INSTITUTE, UNIVERSITY OF CALIFORNIA MEDICAL CENTER, 
SAN FRANCISCO 


Communicated by Julius H. Comroe, Jr., September 27, 1961 


Observations by several investigators suggest that a protein-containing material 
which possesses unusual surface activity lines the internal surface of the lung! * 
and accounts to a large degree for the stability of its fine airspaces.* In a recent 
report, Pattle and Thomas? suggest that this surface-active material is a lecithin- 
protein complex; independently, we have obtained results which indicate that the 
complex contains these and additional substances. 

As the initial step in isolating and purifying this substance, we used the method 
suggested by Bondurant.’ Beef lungs were perfused with saline via the pulmonary 
artery and ventilated with intermittent positive pressure via the trachea. After 
a short time, a thick white foam poured out of the trachea. The foam was washed 
with distilled water to remove most of the serum proteins and then dried at 5°C. 
The dried powder was spread on isotonic saline in a modified Wilhelmy balance,® 
and surface tension was measured during compression and expansion of the sur- 
face film. This powder lowered the surface tension to less than 10 dynes/cm 
when surface area was decreased (Fig. 1, left). The surface tension-area diagram 
was similar to that seen with saline extracts of minced lung.* 

Powders prepared from five beef lungs contained 50-70 per cent lipids and 5 per 
cent nitrogen. The lipids were extracted for 12 hours with equal parts of alcohol 
and acetone in a Soxhlet apparatus; when spread on isotonic saline and compressed 
on the balance, they failed to reduce surface tension below 20 dynes/em. Separa- 
tion of the major lipid fractions on silicic acid columns yielded about 74 per cent 
phospholipids, 8 per cent cholesterol, 10 per cent triglycerides, 8 per cent fatty 
acids, and essentially no cholesterol esters. Fractions containing cholesterol, 
triglycerides, and fatty acids did not have the unusual surface activity. The phos- 
pholipid fraction, however, reduced the surface tension as much as an extract of 
whole lung; surface tension decreased to 1 to 5 dynes/cm on compression of the 
surface, and hysteresis occurred on expansion of the film surface (Fig. 1, right). 

The surface activity of the phospholipid fraction was inhibited by the other 
lipid fractions. It is possible that inhibition by certain lipids (or other compounds) 
may be the cause of the abnormally high surface tension of lung extracts which 
has been described in some pathological conditions.’~* 

The surface tension-lowering activity of the phospholipid fraction was preserved 
under nitrogen for 4 hours but was lost gradually over 2 hours if the film-covered 
liquid was exposed to room air. 

Three pure phospholipids—lysolecithin, sphingomyelin from red blood cells, 
and synthetic dipalmitoyl lecithin (obtained through the courtesy of Dr. Donald 
Hanahan of the University of Washington School of Medicine, Seattle)—gave 
surface tension-area diagrams closely resembling those obtained with whole lung 
extracts. 
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In view of available evidence, we suggest the following concept: The formation 
of a surface film, which is physically stable enough to give near zero surface tension 
on compression and chemically stable enough to resist oxygen at the interface, 


% SURFACE AREA 
oa 
° 


s 20 
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Fia. 1.—Surface tension-area diagrams measured on a modified Wilhelmy balance. 
Left, dried lung foam; right, lung phospholipids. 


requires the high spreading pressure of phospholipids, a matrix of protein, and the 
antioxidant potential of substances as yet unidentified. 

Summary.—Phospholipids isolated from fresh beef lung possess the unusual 
surface-active properties previously noted in crude lung extracts. However, this 
activity is gradually lost in air and can be inhibited by other lipid fractions. Cer- 
tain purified phospholipids from other sources have similar activity. 


* This study was supported in part by a research grant (H-4247) from the National Heart 
Institute, U.S. Public Health Service, and in part by a research grant from the California Tuber- 
culosis and Health Association. 
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PERFORMANCE IN’ EYELID CONDITIONING AS A FUNCTION OF 
REINFORCEMENT SCHEDULES AND CHANGES IN THEM* 


By KenNeEtTH W. SPENCE AND Mivron A. TRAPOLD 
STATE UNIVERSITY OF IOWA 


Communicated August 30, 1961 


9 


l'rom the viewpoint of the empirical construct type of theory espoused by Hull!: ? 
und the senior author,*~ experimental studies of simple classical and instrumental 
conditioning are the source of the abstractive kind of theoretical concepts, 1.e., 
intervening variables, that this theory employs. That is, in this type of approach 
the initial specification of the quantitative properties and interrelations of the 
intervening variables, both to each other and to the dependent (response) and 
independent (environmental) variables, is based on empirical laws obtained in 
these simple types of experiments. 

The most highly developed portions of this theory have been concerned with the 
learning (H), incentive (K), and motivational (D) variables. Much less satis- 
factory is the part of the theory that deals with such nonreinforcement variables 
as delay of reward in instrumental conditioning and failure of occurrence of the 
reinforcing event in both classical and instrumental types of conditioning. Espe- 
cially neglected have been the phenomena exhibited during learning under partial 
schedules of reinforcement in which different proportions of nonreinforcements 
are introduced intermittently during the acquisition period. 

This latter area presents an especially formidable challenge to any attempt at 
theoretical integration, for the experimental findings as to the effects of introducing 
such nonreinforced trials during the acquisition of CRs have been highly conflicting, 
differing both within a situation and from situation to situation. In instrumental 
reward conditioning involving a chain of responses (e.g., runway), the recent 
studies of Goodrich,® Haggard,’ and Weinstock® have found that the effect of such 
intermittent nonreinforced trials differs not only with the stage of learning but 
also with the point in the response chain at which the measures are made. Thus, 
it has been found that partially reinforced Ss actually start and run faster at the 
limit of learning in the early portion of the response chain than Ss who have been 
reinforced on all trials. On the other hand, in the early stages of learning, this 
relation tends to be absent or the reverse. Finally, at the goal end of the chain, 
the running rate of Ss given partial reinforcement is consistently depressed through- 
out learning. A similar decrement in performance under partial reinforcement as 
compared with 100 per cent reinforcement has consistently been found in recent 
studies of classical aversive conditioning involving the human eyelid.°~'* 

Evidence as to the course of the development of the inhibitory effect under partial 


reinforcement is provided by comparing the performance curves of partial groups 
with that of a continuously reinforced group. The available data indicate that 
the decremental effect (i.e., inhibition) develops in a cumulative fashion and is a 
direct function of the proportion of unreinforced trials. The findings of the studies 
conducted in the Iowa laboratory also suggest that the inhibitory effect attains its 
maximum in considerably fewer trials than are required to reach the acquisition 
asymptote. Whereas the latter is typically attained in about 80-100 reinforced 
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trials, inhibition appears to reach its maximum somewhere between 20 to 40 non- 
reinforced trials, at least for a group on a 50 per cent reinforcement schedule.'?» 

A further source of information concerning the properties of the inhibitory factor 
resulting from the intermittent nonreinforced trials during acquisition has been 
provided by shifting the schedule from a partial one (e.g., 50 per cent) to continuous 
reinforcement. Ross’ shifted a group of Ss from 50 per cent to continuous rein- 
forcement after a total of 40 trials (20 nonreinforced). Following the switch, the 
percentage CR curve accelerated markedly, and, after 80 continuously reinforced 
trials, closely approached the level of performance attained by a group contin- 
uously reinforced for the same number of trials (i.e., 120). This finding suggested 
the possibility that the inhibitory factor dissipates completely. However, more 
information is needed as to the role of the number and proportion of nonreinforce- 
ments before more general inferences concerning the dissipation properties of 
inhibition can safely be made. 

The purpose of the present experiment was, in part, concerned with the extension 
of our empirical knowledge concerning the characteristics of the inhibitory effects 
of nonreinforcements administered during the acquisition of a classical aversive 
CR. From the point of view of our empirical approach to theorizing, such lawful 
knowledge, when attained, will provide the basis for specifying the properties of 
the intervening variable, inhibition (/,). A second purpose of the study was that of 
ascertaining to what extent the data obtained in the experiment would or would not 
accord with the implications of statistical theories of learning. While there are 
difficulties in making decisions as to whether data from classical conditioning, with 
its particular type of reinforcement, are relevant to these theories, it was felt that it 
might be worthwhile considering their possible implications for this type of theory. 

Method.—Subject: The Ss were 77 women from an introductory course in 
psychology. Of these, 12 were discarded because they met the criteria defining a 
voluntary responder™: and 5 for the reason that they gave two CRs in the initial 
test trials to the CS alone. The remaining 60 Ss were assigned at random to the 
three groups of 20 Ss each. 

Apparatus: The equipment for recording the response and controlling the 


presentation of the stimuli was the same as that used in previous studies from the 
Iowa laboratory.“ In the present instance, the UCS was a 2.0-psi air puff of 
50 msec duration delivered to the right eye through an orifice 0.062 inch in diameter. 
The CS consisted in an increase in brightness of a 6-em circular milkglass disk from a 
level less than 0.004 to 2.95 mL. The word “ready” preceded each presentation of 


the CS by 2, 3, or 4 sec according to a prearranged schedule. 

Procedure: Each S was instructed to blink once to the ready signal and then 
to look at the disk on the wall and remain as relaxed as possible until the light went 
out. Following the reading of the instructions, three presentations of the CS 
alone were given in order to check for any existing CR tendency to the light. One 
presentation of the UCS alone was then given to acquaint S with the nature of the 
air puff. 

Two different kinds of trials occurred during the course of training: (a) rein- 
forcing trials (N+) in which the CS-UCS interval was 500 msec; (b) nonreinforcing 
trials (N—) in which the UCS followed the onset of the CS by 2,400 msec. This 
latter interval has been shown to produce little or no conditioning of the eyelid 
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response and to result in its extinetion when introduced after establishing a CR 


at a shorter, optimal interval."* '* On both types of trials, the CS extended 50 
msec beyond the onset of the UCS, both stimuli terminating together. 

Two different reinforcement schedules, one partial (50%) and one continuous 
(100%), were employed. In the partial schedule, the sequence of reinforced 
and nonreinforced trials was such that the prescribed percentage of reinforced 
trials occurred within each block of 10 trials, with the additional restriction that no 
more than two trials of the same kind (N+ or N—) occur in succession. Inter- 
trial intervals of 15, 20, and 25 sec, averaging 20 sec and arranged by afixed schedule, 
were used. 

A CR was identified as a deflection of the pen of 1 mm or more that occurred 
in the interval 200-500 msec following the onset of the CS. 

Experimental design: The conditions of reinforcement obtaining on the training 
trials given each S are summarized in Table 1. As may be seen, this design affords 


TABLE 1 
REINFORCEMENT CONDITIONS IN DIFFERENT TRIAL BLOCKS FOR THE THREE GROUPS 


Trials 
Group 1—100 101-200 201-250 


| 50% 100%, 50% 
I] 50°, 50% 100% 
Il 100°, 50% 100% 


a comparison of performance under continuous reinforcement following two dif- 
ferent amounts of training on 50% partial reinforcement (Groups I and II) as 
well as following extended periods of both continuous and partial reinforcement 
(Group III). This design also provides an opportunity to check the rather startling 
finding of Ross! that Ss shifted from continuous reinforcement to a 50% reinforce- 
ment schedule dropped immediately, i.e., after two or three nonreinforcements, to 
a level of performance characteristic of the 50% schedule. 

Results and Discussion.—Decremental effects of partial reinforcement: Acquisition 
curves, in terms of percentage of CRs as a function of the number of reinforced 
trials, are presented in Figure 1 for Groups I and IT, that started with 50 per cent 
reinforcement, and for the continuously reinforced Group III. The difference 
between the two partial groups over the first block of 50 trials was apparently due 
to sampling, for they received identical treatment during this period, and this 
difference was not significant (Mann-Whitney U test, P > 0.20). As may be seen, 
the performance curves of the partial groups fall below that of the 100 per cent 
group. The rate of development of this decrement in performance for the partially 
reinforced groups was negatively accelerated, and appeared to reach maximum 
between 30 and 40 nonreinforcements, a value similar to that obtained by Ross!” 
for a similar comparison. Whether this value is dependent on the proportion of 
nonreinforcements, 50 per cent in the present experiment, is not known. 

In order to provide further information on the nature of the decrement under 
partial reinforcement, the data of Group II were analyzed in terms of the conditional 
probability of a CR on the trial following a reinforced trial and following a non- 
reinforced trial. Acquisition curves plotted separately for these two conditional 
probabilities started at approximately the same performance level at the beginning 
of training and then gradually diverged, with the probability of a CR following a 
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reinforced trial rising to a significantly higher asymptote than the probability of a 
CR following a nonreinforced trial (P < 0.01). Over the last 20 reinforced and 
20 nonreinforced trials, the mean number of CRs following a reinforced trial was 
9.25 and following a nonreinforcement 6.85. 

It should be noted, however, that the performance of the partial group‘following 
a reinforced trial is still significantly below that reached by Group III after an 
equivalent number of reinforced trials under continuous reinforeement (P < 
0.01, Mann-Whitney U test). This means, of course, that the overall per- 
formance decrement under partial reinforcement is not mediated solely by a de- 
crease in the probability of a CR on trials following a nonreinforcement. Response 
probability following a reinforced trial is also decreased, and in the present case 
the difference between the performance of Group III on continuous reinforcement 
and the performance of Group II following a reinforced trial is approximately 
five times as large as the difference between performance following a reinforced 
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Fic. 1.—Performance as a function of number of reinforced trials. Note 
that only the first 100 trials for Group III are represented here. 


trial and performance following a nonreinforced trial for Group II. Thus, it 
would appear that the most important factor determining the decrement under 
partial reinforcement is the cumulative effect of a number of interspersed nonre- 
inforced trials rather than an effect dependent only on whether the immediately 
preceding trials were reinforced or not. 

Shift from partial to continuous reinforcement: The performances of the partial 
groups following a shift to 100 per cent reinforcement are revealed by the curves 
for Groups I and II that extend to the right of the two vertical lines in Figure 1. 
In Group I, which had 100 trials on the original 50 per sent schedule, it may be 
seen that the curve rises to a level of about 62.5 per cent in the first 50 trials. Group 
II, which was on the 50 per cent schedule for 200 trials before the shift, also shows 
an increase to a level slightly but not significantly less than that of Group I. When 
tested by the Wilcoxon 7’ test, the increase in percentage CRs from reinforced 
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trials 41-50 to 91-100 for Group I and from reinforced trials 91-100 to 141-150 
for Group II are both significant beyond the 0.01 level. 

Although not pictured in Figure 1, Group III also provides an instance of a 
shift from partial to continuous reinforcement. Group III received 100 trials on 
100 per cent followed by 100 trials on 50 per cent reinforcement before being shifted 
back to 100 per cent reinforcement for 50 trials. In this last shift, Group III 
performance increased from the level characteristic of partial reinforcement to 
almost exactly the level reached by Groups I and IT following their shift to con- 
tinuous from partial reinforcement. This fact is shown in Figure 2 in which these 
three partial-to-continuous shifts have been superimposed on the same set of 
coordinates. It can be seen that regardless of whether the shift is preceded by 100 
partial trials (Group I), 200 partial trials (Group II), or 100 continuous and 100 
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partial trials (Group ITI), all three curves begin at approximately the same point 
and increase at the same rate to very similar final performance levels. This fi- 
nal level, it should also be noted, is considerably below the asymptotic performance 
reached by Group III in its initial period of continuous reinforcement. The 
decrement was significant in the case of Groups IT (P < 0.01) and IIT (P < 0.02) 
but failed to reach statistical significance in the case of Group I. 

These data, then, indicate that a series of 100 trials under 50 per cent partial 
reinforcement introduces a decremental or “inhibitory” factor that later serves to 
decrease performance under continuous reinforcement. 

Shift from continuous to partial reinforcement: The shifting of Group III from 
continuous to partial reinforcement after 100 trials provides a replication of the 


conditions employed by Ross,'* and the findings are very similar, as may be seen 


in Figure 3. Only two nonreinforced trials were necessary to reduce performance 
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from about 70 per cent to about 30 per cent CRs. This stands in sharp contrast 
to the minimum of 50 reinforced trials necessary for the complete shift in per- 
formance when the change is from partial to continuous reinforcement. 

As Ross'? has pointed out, this abrupt change in performance is not in line with a 
theory espousing a gradual growth of inhibition. He suggested that the effect 
may be the result of some as yet little understood “set”? variable which comes into 
play when a disruption is introduced into a previously regular and highly predict- 
able sequence of events. Some support for this is provided by the Ross data in 
which a much more gradual decrease in performance was obtained when the shift 
to partial reinforcement was preceded by only 20 continuously reinforced trials 
than when it was preceded by 100 continuously reinforced trials. The combination 
of such a “set” effect and the gradual growth of inhibition with nonreinforced 
trials could have produced the observed pattern of results. 

Relation to statistical theories of learning: Inasmuch as Estes has recently re- 
affirmed the applicability of his statistical learning theory to at least the gross as- 
pects of classical conditioning,” it is interesting to compare the results of this 
experiment with the predictions of the theory. According to the theory, the 
parameter (7) that represents the predicted asymptotic response probability should 
be identical with the proportion of trials that are reinforced. Thus, groups re- 
ceiving 50 per cent partial reinforcement should approach 50 per cent CRs as an 
asymptote, and continuously reinforced groups should approach an asymptote of 
100 per cent CRs. However, as Figure 1 shows, Group II clearly levels off at an 
asymptote closer to 40 per cent than to the predicted 50 per cent value, and Group 
III, in accord with most previous eyelid conditioning data with continuous rein- 
forcement, does not even approach the predicted asymptote of 100 per cent CRs. 

rom the point of view of making precise predictions about the response asymp- 
tote in eyelid conditioning, there are probably two confounding factors that must 
be considered. First, although we have as yet been unsuccessful in developing a 
criterion for their elimination, anyone who has worked with human eyelid con- 
ditioning is aware that there are Ss who could be labeled “inhibitors”; i.e., Ss 
who voluntarily or involuntarily inhibit the CR on some proportion of the trials. 
Second, there is the problem of “voluntary” responders. Some success has been 
achieved"® in developing a criterion for the elimination of Ss who respond with a 
high incidence of voluntary responses. This criterion, however, has only been 
concerned with the elimination of S’s entire data from consideration in the results 
of an experiment, and as yet there are no procedures for the elimination of indi- 
vidual responses of the voluntary form that are made by Ss who do not give them 
frequently enough to be excluded entirely from consideration. Thus, it is quite 
likely that some percentage of the responses in any eyelid experiment, even though 
the presently available voluntary criterion is employed, are actually made volun- 
tarily and Hence confound the results. The relative frequency of these two op- 


posing and confounding factors probably varies with a large number of experi- 


mental conditions, the net effect being sometimes to increase and sometimes to 
decrease dverage performance. In the absence of a criterion for clearing the data 
of these confounding effects, another approach seems a priori reasonable. Since 
inhibitors would most likely be Ss with very low conditioning scores, and volun- 
tary responders Ss with very high scores, some middle range of Ss might be rela- 
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tively free from those confounding effects. Accordingly, we arbitrarily chose the 
middle 40 per cent of the Ss from each group and plotted their average conditioning 
curves in Figure 4. Also plotted is the curve for the middle 40 per cent from Ross’ 
partial reinforcement control group.'? With this procedure, the curves of both 
partial reinforcement groups, it will be noted, level off very close to the predicted 
50 per cent point, and the curve for the 100 per cent group comes much closer to 
the predicted 100 per cent performance. 

A further implication of statistical learning theory is that the parameter repre- 
senting the rate of change in performance (@) should be independent of the per- 
sentage of reinforced responses or the direction of the change in the reinforcement 
cehedule. Thus, the original acquisition curves for both the partial reinforcement 
and the continuous reinforcement groups of this experiment, as well as the curves 
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Ita. 4.—Performance on 50 per cent and 100 per cent reinforcement and per- 
formance following shifts from one to the other, as a function of the number of re- 
inforeed trials. See text for explanation of the curve labeled ‘‘Ross.”’ 


describing performance changes with shifts in the reinforcement schedule from 
continuous to partial or vice versa, should all have the same rate parameter. 

For changes in reinforcement percentage, this is certainly not the case in this 
experiment. The drop in performance following a shift from 100 per cent to 50 
per cent reinforcement clearly is much faster than the increase in performance 
following the shifts from 50 per cent to 100 per cent. Moreover, though less 
strikingly so, the rate of acquisition appears to be slower under 50 per cent rein- 
forcement than under 100 per cent reinforcement. 

linally, we earlier observed that groups switched to continuous reinforcement 
after a series of trials on partial reinforcement never reached the performance level 
of a group conditioned under continuous reinforcement from the beginning of 
training. This also is not in accord with prediction from a model which 
assumes that performance asymptotes are determined solely by the parameter 
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m. According to this assumption, all groups on continuous reinforcement, re- 
gardless of their prior experience, should eventually reach the same asymptotic 
response level. At the very least, this finding suggests that a model capable of 
handling eyelid conditioning data will have to make the asymptote parameter a 
function of the reinforcement history of the S as well as of the immediate reinforce- 
ment conditions. 

Summary.—An experiment was conducted on partial reinforcement in human 
eyelid conditioning. Group I received 100 trials of 100 per cent reinforcement, 
followed by 100 trials of 50 per cent reinforcement, and then 50 more trials of 100 
per cent reinforcement. Group II received 100 trials of 50 per cent reinforcement 
followed by 100 trials of 100 per cent reinforcement, and then 50 more trials of 
50 per cent reinforcement. Group III received 200 trials of 50 per cent reinforce- 
ment followed by 50 trials of 100 per cent reinforcement. In all groups, a rein- 
forced trial involved a 500 msee CS-UCS interval and a nonreinforced trial of 
2,500 msee CS-UCS interval. 

The major findings of this experiment were: (1) Partial (50 per cent) reinforce- 
ment led to a significantly lower asymptotic level of per cent CRs than 100 per 
cent reinforcement. (2) A significantly lower level of per cent CRs occurred on 
trials immediately following a nonreinforced trial than following a reinforced trial, 
but this difference was not large enough to account for the entire performance 
difference between 50 per cent and 100 per cent reinforcement. (3) When rein- 
forcement was shifted from 50 per cent to 100 per cent, the per cent of CRs showed 
a gradual increase to a higher asymptotic level, but one which was significantly 
lower than that reached by Ss conditioned with 100 per cent reinforcement from the 
beginning. (4) Performance changes following shifts in reinforcement from 50 
per cent to 100 per cent followed the same course regardless of whether the shift 
was preceded by 100 trials of 50 per cent reinforcement, 200 trials of 50 per cent 
reinforcement, or 100 trials of 100 per cent and 100 trials of 50 per cent reinforce- 
ment. (5) When reinforcement was shifted from 100 per cent to 50 per cent, only 
about two nonreinforcements were necessary to cause performance to drop to 


approximately the level reached by Ss given 50 per cent reinforcement from the 


beginning. 

These results are discussed in relation to those obtained in previous investiga- 
tions, in relation to possible sources of performance decrement under partial 1e- 
inforcement, and in relation to predictions made by statistical learning theory. 


* This study was carried out as part of a project concerned with the influence of motivation on 
performance in learning under Contract Nonr-1509(04), Project NR 154-107 between the State 
University of Iowa and the Office of Naval Research. Acknowledgment is made to Robert 
Weyant who ran some of the subjects in the investigation. 
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CELLULAR DIFFERENTIATION IN COLONIES DERIVED FROM 
SINGLE CELL PLATINGS OF FRESHLY ISOLATED CHICK EMBRYO 
MUSCLE CELLS 


By Irwin R. KONIGSBERG 
DEPARTMENT OF EMBRYOLOGY, CARNEGIE INSTITUTION OF WASHINGTON, BALTIMORE 10, MARYLAND 


Communicated by R. K. Burns, September 5, 1961 


The loss of cell-type specific characteristics which frequently accompanies growth 
in vitro was recognized almost from the inception of the tissue culture technique. ! 
This phenomenon even more acutely attends the application of the newer methods 
of cell culture in which trypsin-dispersed cells are serially cultivated on glass 
substrata as rapidly proliferating cell monolayers. The properties of cell strains 
so cultivated, with remarkably few exceptions, do not resemble those of the pre- 
dominant cell type of the tissue of origin. The precise nature of this loss of identi- 
fiable characteristics remains obscure. Alterations in members of the culture 
population? as well as selection of a rapidly growing contaminant or a variant 
arising in culture*® could very well be responsible for the observed loss. Alter- 
natively, it has recently been suggested by Sato and his co-workers* ® that only 
a small fraction of the cells present in normal tissues can propagate under the 
conditions of cell and tissue culture techniques. Further, it is assumed that this 
small fraction represents a class of cells present in all tissues which can be cultivated 
and which does not share the properties of the parenchymal cells of these various 
tissues. 

Analysis of the problem of the loss of differentiative character is complicated 
by the disparity between cell culture and the culture techniques generally employed 
to promote cellular differentiation. Indeed, cultivation of dispersed cells rather 
than a compact aggregate would be precisely the condition judged to promote 
such loss. In a previous publication, it was demonstrated that a high degree of 
differentiation was attained by embryonic chick skeletal muscle cells grown in 
monolayer culttres.© These cultures were initiated with 10° cells, and the first 
indices of differentiation coincided with the attainment of confluency. The present 
report extends this finding to cultures initiated with small numbers of cells (200 
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to 400 per culture) in which differentiation can be observed in a number of the 
discrete colonies subsequent to their formation. 

The present results thus indicate that freshly isolated embryonic muscle cells 
can survive and proliferate under the conditions imposed by cloning techniques. 
Further, such cells can retain and express their potency at least through the period 
of colony formation in primary culture. 

Methods.—Skeletal leg muscle of 11-day White Leghorn embryos, incubated 
at 37°C, was employed as the tissue source. The techniques used to prepare 
cell suspensions as well as the composition of the culture medium have been pre- 
viously published’? and were altered only to the extent of substituting saline G 
(see ref. 8) for saline A and reducing the concentration of streptomycin to half that 
previously used. 

The cloning technique employed was that developed by Puck, Marcus, and 
Cieciura® except that the volume of medium was reduced to 2 cc and the cells were 
plated on circular coverslips, 46.5 mm in diameter, fastened to glass rings with 
silicone stopcock grease. 

The medium was changed every 3 to 4 days. At various intervals, cultures 
were fixed in cold calecium-formol, stained with Ehrlich’s hematoxylin, dehydrated, 
and mounted in permount. Cultures prepared for microscopy in polarized light 
were unstained and mounted in methacrylate. 

Results—The plating of small numbers of cells on a relatively large surface 
area results, after a growth period of sufficient duration, in the formation of discrete 
colonies. Figure 1 is a photograph of a culture inoculated with 200 cells and 
fixed after 10 days of growth. Fifty-six individual colonies were counted. The 
present series of experiments is not extensive enough to critically establish the 
plating efficiency for this cell type under these experimental conditions. On the 
basis of the data available it ranges roughly from 8 to 28 per cent. 

Colony size, it will be noted, varies widely from those barely visible to the naked 
eye to colonies fully 3 mm in diameter. Puck and his associates observed a similar 
variability in uncloned populations of strain Hela which was strikingly reduced 
in clonal populations of the same strain.° 

Examination of colonial morphology, at even the relatively low magnification 
of the dissecting microscope (10X), reveals the presence in approximately 10 


per cent of the colonies of greatly elongated fibers (see Fig. 2). At higher magni- 


fication (Figs. 3 and 4), these fibers can be resolved into elongated multinuclear 
myotubes identical to those observed and identified in mass culture.®: 7 

Conclusive evidence that the multinuclear cells observed within the colonies 
are indeed myogenic elements is presented in Figure 5. When colonies containing 
multinuclear “ribbons” are examined with polarizing optics, the presence of bire- 
fringent fibrils, frequently exhibiting the pattern of cross-striation characteristic 
of voluntary muscle, can be readily detected. A weaker birefringence is evident 
also in the smaller cellular elements of such colonies. Those colonies composed 
purely of “‘fibroblast-like”’ cells, on the other hand, are devoid of such fibrils. 

Myotube formation occurs sometime between the sixth and tenth day of culture. 
Of the 287 colonies examined at 6 days, none show multinuclear cell formation, 
whereas approximately one-tenth of the colonies examined at 10 days contain 
indisputably myogenic cells, 
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Culture initiated with 200 cells, fixed and stained after 10 days (1 X). Area outlined 


is enlarged in Figure 2. 

Fic. 2.—Several colonies of culture described above. Arrow indicates muscle colony. Note 
striking difference in appearance of muscle colony as compared to surrounding colonies of ‘‘fibro- 
blast-like’’ cells (11 X 

Fic. 3.— Muscle colony above at higher magnification. Note the extremely long ‘‘ribbon-like”’ 
cells which comprise the greater portion of the colony (60 X ). 

Fic. 4.—Cells of muscle colony demonstrating high degree of multinuclearity (210 xX ). 

Fic. 5.—Segment of multinuclear cell of colony in culture fixed at 10 days and examined in 
polarized light. Note pattern of cross-striation (558 & ). 
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Discussion.—It is quite clear from these experiments that freshly isolated cells 
of myogenic potency can survive both cell culturing and at least those phases of 
cloning techniques utilized. Moreover, this potency can be maintained during 
a period of rapid and extensive proliferation to express itself within the spatial 
limits of a discrete colony. Whether this is a general property of all myogenic 
cells or of only certain individuals of the cell type cannot be ascertained as yet, 
in view of the relatively low plating efficiency encountered. However, it should 
now be feasible to rigorously examine the stability of developmental potency 
through subsequent cloning starting with a colony of cells whose origin and identity 


are known. 
The presence of colonies of differentiated muscle celis in these cultures indicates 


that the conclusions drawn by Sato and his associates are not generally applicable. 
Their argument against embryological studies in which differentiation of cultured 
cells is described (ref. 5, p. 970) cannot apply to the present report. The muscle 
colonies are unquestionably the products of initially proliferating cells and not 
derived from ‘‘non-dividing but surviving portions of the inoculum.” Relatively 
brief, mild trypsinization of embryonic tissues, which are generally more loosely 
structured than the corresponding adult tissue, yields cell suspensions which are, 
by and large, monodisperse. What groups of cells do exist exhibit a low multi- 
plicity of from 2 to 6 cells. No aggregate large enough to produce a muscle colony 
without proliferation has ever been observed, nor would such an aggregate be 
expected to pass through the 200-mesh bolting silk we routinely use to filter cell 
suspensions. Whether the muscle colony is derived from a single cell or a group 
of two or three cells would not alter the necessity for assuming extensive pro- 
liferation. Previous investigations in this laboratory and elsewhere’: !! indicate 
that the multinuclear muscle cell is a product of cell fusion and is post-mitotie in 
nature. One would expect proliferation to occur prior to myotube formation, 
which is consistent with the absence of colonies containing myotubes on the sixth 
day of culture. 

The present experimental design differs in several specific details from that 
adopted by Sato’s group.’ For example, the media employed are quite different, 
tissue disaggregation was achieved with trypsin in the present study rather than 
with mechanical methods, embryonic chick tissues were used rather than neonatal 
rat, and of course the tissues tested were not the same in both cases. The difference 
in results cannot be resolved without testing these variables; however, the develop- 
mental stage of the donor organism may very well prove to be the significant factor. 

Several studies exist in the older tissue culture literature which demonstrate 
that with increasing developmental age there is a progressive extension of the lag 
period before outgrowth from explants." Admittedly, the exact nature of the 
lag period is still unknown. It might represent the time required for a small 
number of cells to produce a progeny of sufficient size to produce outgrowth. 
This would be compatible with Sato’s thesis. On the other hand, the lag might 
be due to some type of adaptation to the tissue culture environment, the necessity 
for which is imposed by some developmental event orevents. If such were the case, 
one might expect cell culture techniques, which expose individual cells to the new 
environment immediately, to give poorer yields of viable cells from progressively 
older donors. Thus, cell culture applied to the tissues of postnatal animals may 
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very well be selective for a small hardy population of ubiquitous cells unrelated 
to the parenchymal elements of the source tissue. 

In this context, it should be pointed out that the range of plating efficiencies of 
chick embryo muscle cells observed thus far is 2 to 5 orders of magnitude greater 
than those reported for neonatal rat tissues. Moreover, inocula used in the latter 


study (10° to 10° cells, depending on the tissue source) are, in most cases, larger 
than those commonly employed by us (5 X 10° and 10®) in establishing mass 
cultures of muscle cells. Such mass cultures of embryonic cells grow to confluency 


within 3 to 4 days.*.7 '! There is obviously a marked difference in the percentage 
of viable cells in the two types of cell suspensions, which may be due to donor age 
primarily rather than differences in technique. 
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